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Cotton

A fiber obtained from the cotton plant Gossypium,
of the order Malvales. It has been used for more than
3000 years. It is the most widely used natural fiber,
because of its versatility and comparatively low cost
to produce and to manufacture into finished prod-
ucts. Cotton traditionally has been used alone in tex-
tile products, but blends with artificial fibers have
become increasingly important. See MALVALES; NAT-
URAL FIBER; TEXTILE.

Unlike most other fibers obtained from plants, the
cotton fiber is a single elongated cell. Under the mi-
croscope, it resembles a flattened, spirally twisted
tube with a rough surface. The fiber cell has many
convolutions, with a collapsed inner canal (lumen).
Chemically, cotton is essentially pure cellulose. In its
original state, cotton contains 3-5% natural waxes
and gums, mostly in the outer wall of the cells. The
natural waxes on the fiber surface act as a finish
which facilitates spinning. Cotton is hygroscopic and
contains 6-8% moisture under normal atmospheric
conditions. See CELLULOSE.

Cultivation and harvesting. To mature, cotton re-
quires about 180 days of continuously warm weather
with adequate moisture and sunlight; frost is harm-
ful and may kill the plant. The ground must be thor-
oughly plowed and the soil pulverized. In the United
States, usually in March or April, carefully selected
seeds are planted in rows. The plants require system-
atic fertilization. When they are about 3 in. (7.5 cm)
high, they are weeded and thinned. The plants begin
to bloom in June or July, about 4 months after plant-
ing. Creamy white flowers appear first, change to
a reddish-purple in about 2 days, and then fall off,
leaving seed pods that grow to full size by August
or September. The cotton capsules or bolls must be
protected against the boll weevil or other insects.
See ENTOMOLOGY, ECONOMIC; FERTILIZER; FERTILIZ-
ING; FLOWER; FRUIT; SEED.

When fully grown, the cotton plant may be 3-6 ft
(1-2 m) in height. Its wide green leaves partially con-

Cotton — Cytoskeleton

ceal some of the bolls until they burst and expose
the fleecy white fiber, which indicates that the cot-
ton is ready for harvesting (Fig. 1). Not all cotton
bolls open at the same time, but the ripening period
has been shortened and pickings have been reduced
to one or two. When the raw cotton is harvested, it
contains seeds, leaf fragments, and dirt that must be
removed before baling. The cotton seeds alone con-
stitute approximately two-thirds of the weight of the
picked cotton.

Products and processing. When the bolls open, the
fiber and seed, or “seed cotton,” is harvested mostly
by machines. The fiber, or lint as it is then called,
is separated from the seed by gins. The lint is com-
pressed into bales, covered with jute bagging, and
bound with metal bands for ease of handling. Bales
weigh about 500 1b (225 kg) each. The seed (except

Fig. 1. Open cotton boll ready to harvest.
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Fig. 2. Productive field of open cotton. (K. Bilbrey, County
Agent, Mississippi County, Arkansas)

that portion needed for planting the next crop and
for other farm uses) is transferred from the gins, usu-
ally by trucks, to oil mills for processing. After baling,
the lint is sampled, graded, and sold. The bales then
pass through commercial channels and eventually
reach cotton mills, where they are broken open and
the lint is blended, cleaned, carded, and spun into
yarns for many uses. In the oil mill processing indus-
try, the cottonseed is separated into fuzz or linters,
hulls, oil, and protein cake. Each of these products is
converted to several subproducts. The oil and cake
are the most valuable products. The oil subproducts
are largely used as human food; the protein cake,
either as cracked cake or ground meal, is used as
livestock feed. Hulls are also fed to livestock, and the
linters are converted into chemical cellulose. See AN-
IMAL FEEDS; FAT AND OIL (FOOD).

Distribution and production. The cotton plant is one
of the world’s major agricultural crops. It is grown
in all countries lying within a wide band around the
Earth. The limits of this band in the New World are
at about 37°N latitude and at about 32°S latitude. In
the Old World the band spreads northward to 47°N
in the Ukraine, but only to about 30°S in Africa and
Australia. In addition to the effects of latitude, suit-
ability of climate for the growth of cotton is also
regulated by elevation, wind belts, ocean currents,
and mountain ranges. As a result of the effects of
these climatic factors, the topography of the land,
the nature of the soil, and the availability of irriga-
tion water when needed, cotton culture actually is
carried outin an irregular and greatly extended world
pattern. The regions of more intensive culture com-
prise the Cotton Belt of the United States, the north-
ern valleys of Mexico, India, West Pakistan, eastern
China, Central Asia, Australia, the Nile River Valley,
East Africa, South Africa, northeastern and southern
Brazil, northern Argentina, and Peru.

Stimulants to production. The United States has
made three major contributions to world cotton pro-
duction. These were the development of Upland cot-
ton, the invention of the saw gin, and the develop-
ment of knowledge of cotton culture.

Upland cotton arose from an annual form of
G. birsutum native to the plateaus of southern

Mexico. This species was introduced into what is
now southern United States at different times from
the colonial period to the first decade of the twen-
tieth century. The name Upland is derived from the
upland country in southeastern United States, where
this stock was first grown commercially. This cotton
was shipped to England under the name of American
Upland. From the time of its early development as a
crop in the American Cotton Belt, it has been very
hardy and productive, and versatile in its many uses
(Fig. 2).

Upland production was handicapped at first by
the difficulty of ginning. The seed coat has a tight
covering of short fuzz hairs (Fig. 3). Only sawlike
teeth can penetrate and remove the longer coat of
lint from the seed and leave the fuzz behind with the
seed coat undamaged. The saw gin, incorporating

Fig. 3. Ginned seed of Upland cotton, showing dense and
tight covering of short fuzz hairs on seed coat. (J. O. Ware,
Journal of Heredity)

Fig. 4. Modern cotton gin, showing the four stands and the
accessory equipment for cleaning and conveying the
cotton. (Murray Company of Texas)



Fig. 5. Planting cotton with a four-row tractor-propelled
planter. (John Deere Co.)

Fig. 6. Two-row, self-propelled cotton picker in operation.
(International Harvester Co.)

this principle, was gradually developed into the mod-
ern gin plant (Fig. 4).

In the history of cotton culture, simple but effi-
cient farm tools were developed and the mule was
generally the source of farm power. The cotton fields
were well tilled, the weeds controlled, the cotton
carefully picked by hand, and the best seed selected
for the next crop. However, when mechanical power
began to replace animal power, the United States
quickly mechanized both the cultural and harvesting
phases of cotton production. (Figs. 5 and 6). Great
progress in research, plant breeding, technology, and
mechanics paved the way for advancements when
economic conditions were ready for their adoption.
Upland cotton and some of the improvements made
in handling this crop spread to most cotton-growing
countries as they began commercial production. Up-
land cotton provides about 85% of the world supply
of raw cotton for factory use. See AGRICULTURAL SCI-
ENCE (PLANT); BREEDING (PLANT).

The other 15% of world production is supplied
from three other cultivated species: G. barbadense,
G. arboreum, and G. berbaceum. The extra-long
staple type includes Egyptian, Tanguis, American-
Pima, and Sea Island. Egyptian is grown in Egypt and
the Sudan, Tanguis in Peru, American-Pima in south-

western United States, and Sea Island in the West
Indies. Sea Island cotton formerly was grown on
islands and coastal areas of the southeastern United
States. Gossypium arboreum and G. herbaceum are
commonly referred to as Asiatic cottons and include
the shortest-staple types of cultivated cottons. The
growth of the former is largely confined to India
and China and of the latter to Central Asia, west-
ern India, and the Near East. The saw gins usually
used for Upland cotton in other countries are sim-
pler and carry less cleaning equipment than those
used in the United States. Most other countries still
employ much handwork in cotton culture; most of
the crop is harvested by hand.

Most commercial cottons are now annuals. How-
ever, in the tropics some races of the regular culti-
vated species are perennial. All cottons at one time
were tropical and perennial.

Wild cotton. Besides the four cultivated species,
Gossypium includes about 30 wild and lintless
species that are widely scattered and occur mostly
in sparsely covered desert and tropical areas of the
world. All of the wild species may ultimately be of
plant breeding interest. Some of them already have
been used in crosses to improve quality values in
cultivated cottons. Elton G. Nelson

Diseases. Pathogens may attack or invade the cot-
ton plant through the roots or aboveground parts.
Diseases reduce the yield potential 15 to 20%, and
also have undesirable effects on quality of fiber and
seed.

Root diseases are caused by soil-borne organisms.
Severity of disease is proportional to the number of
infective pathogen propagules in soil and to the de-
gree of susceptibility in varieties. Minimizing losses
involves using resistant varieties and practices that
reduce pathogen numbers in the soil.

The seedling disease complex occurs wherever
cotton is grown. Symptoms are seed rot, preemer-
gence damping-off, postemergence damping-off, and
damage to roots of plants that survive. The pri-
mary organisms are the fungi Rbizoctonia solani,
Pythium spp., Thielaviopsis basicola, and Glom-
erella gossypii (Fig. 7), and the root-knot nematode
Meloidogyne incognita.

Using high-quality seed treated with protectant
fungicides is essential to the control of seedling

Fig. 7. Diseased cotton seedlings which have been
affected by Glomerella gossypii.

Cotton
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Fig. 8. Verticillium wilt of young cotton plant.

diseases. Application of soil fungicides at planting
is an additional practice that gives more effective
control. Cotton varieties with resistance to seedling
pathogens, preservation of seed quality, and with
improved performance under early-season cool-wet
conditions are now available.

Although the wilt-inducing fungus Fusarium
oxysporum f. vasinfectum or the root-knot nema-
tode M. incognita (Fig. 9¢) can damage cotton in
single infections, losses due to double infections are
greater. Management practices effective against both
organisms must therefore be used. The most eco-
nomical practice is the use of resistant varieties, but
it is best to use resistant varieties and rotations with
root-knot-resistant crops such as small grains, corn,
sorghum, or some grasses.

Verticillium wilt, caused by Verticillium alboa-
trum, occurs in the cooler regions of the world
(Fig. 8). Effective control can be achieved with
integrated management. High populations of 25 to
30 plants per meter of row help reduce losses. Too
much nitrogen causes wilt to be more severe. Serious
losses are usually limited to irrigated cotton, cotton
in high-rainfall regions, and in poorly drained areas
of fields. Reducing the amount of irrigation water
by one-third will often give higher yields. The wilt
fungus survives as microsclerotia in the soil and in
undecomposed plant debris. Resistant crops such as
barley and sorghum in rotation with cotton have
been effective in reducing the inoculum potential.
Many resistant varieties are available, and their use,
along with other practices that reduce disease sever-
ity, gives effective control.

Root rot, caused by Phymatotrichum omnivo-
rum, occurs in alkaline soils in the southwestern and

western regions of the United States and in Mexico.
The soil in infested areas has more sclerotia, lower
bacterial populations, less organic matter, and less
sodium than other soils. Control depends on reduc-
ing sclerotia production and preventing survival of
the fungus between cropping seasons.

Burial of barnyard manure or residues of such
legumes as Hubam clover and winter peas helps con-
trol the disease. Turning the upper 8-12 in. (20 to
30 cm) of soil with a moldboard plow a few days
after harvesting a crop of cotton reduces sclerotia
production. Rotation of cotton with grain crops also
helps to keep numbers of sclerotia low.

Planting early in the season with fast-maturing va-
rieties permits early boll set and maturation of the
crop before soil temperatures reach levels for the
pathogen to become highly active. Restoration of
sodium to a level equal to that in noninfested soil
prevents production of new sclerotia, and is now
being used for control. Best control comes from
using short-season management with practices that
reduce sclerotia production and survival.

Diseases of aboveground plant parts may be
caused by bacteria or fungi. These organisms may
survive in undecomposed plant debris, on alterna-
tive hosts, or in and on seed. Sanitation of planting-
seed and shredding and burial of residues from a cot-
ton crop reduce the ability of foliage pathogens to
survive the winter.

Bacterial blight, caused by Xanthomonas mal-
vacearum, affects all plant parts and occurs wher-
ever cotton is grown (Fig. 9a and b). The bac-
terium survives in and on seed and as dried exudates
on undecomposed plant debris. Chemical delinting

2cm
(b)
(a) 2cm
5cm
(c)

Fig. 9. Bacterial blight on cotton plant. (a) Bacterial blight
lesions on bolls. (b) Bacterial blight lesions on leaves.
(c) Root-knot galls on cotton roots.



removes the bacterium from the seed surface, but no
treatment is available for eliminating internal trans-
mission. Using seed from disease-free fields ensures
no transmission. Management to ensure debris de-
composition eliminates crop residue as a means of
transmission. Varieties with high horizontal resis-
tance to the 18 races of the pathogen are available
for many cotton-growing regions of the world.

Boll rot may be caused by a number of fungi, bac-
teria, or yeasts. Some, such as G. gossypii and X.
malvacearum, are primary pathogens. Many gain
entrance through natural openings such as boll su-
tures and nectaries; others enter through wounds
caused by insects or primary pathogens.

Control hinges on using practices that reduce in-
oculum densities and promote dryness within the
leaf canopy. Varieties with okra-shaped leaves and
frego bracts (which are strap-shaped leaves) are sig-
nificant in reducing boll rot. Sanitation should be
practiced to reduce transmission on seed and sur-
vival of organisms on debris. See PLANT PATHOLOGY.

Luther S. Bird

Bibliography. M. E. Selsom, Cotton, 1982; G. M.
Watkins, A Compendium of Cotton Diseases, Amer-
ican Phytopathology Society, 1981.
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Cotton effect

The characteristic wavelength dependence of the
optical rotatory dispersion curve or the circular
dichroism curve or both in the vicinity of an absorp-
tion band.

When an initially plane-polarized light wave tra-
verses an optically active medium, two principal ef-
fects are manifested: a change from planar to elliptic
polarization, and a rotation of the major axis of the el-
lipse through an angle relative to the initial direction
of polarization. Both effects are wavelength depen-
dent. The first effect is known as circular dichro-
ism, and a plot of its wavelength (or frequency)
dependence is referred to as a circular dichroism
(CD) curve. The second effect is called optical ro-
tation and, when plotted as a function of wave-
length, is known as an optical rotatory dispersion
(ORD) curve. In the vicinity of absorption bands,
both curves take on characteristic shapes, and this
behavior is known as the Cotton effect, which may
be either positive or negative (Fig. 1). There is a Cot-
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Fig. 1. Behavior of the ORD and CD curves in the vicinity of
an absorption band at wavelength )\, (idealized). (a) Positive
Cotton effect. (b) Negative Cotton effect.
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Fig. 2. Curves used to determine relative rotatory
intensities. (a) Partial ORD curve. (b) Partial CD curve.

ton effect associated with each absorption process,
and hence a partial CD curve or partial ORD curve is
associated with each particular absorption band or
process. See OPTICAL ROTATORY DISPERSION; POLAR-
IZED LIGHT.

Measurements. Experimental results are com-
monly reported in either of two sets of units, termed
specific and molar (or molecular). The specific ro-
tation [«] is the rotation in degrees produced by a
1-decimeter path length of material containing
1 g/ml of optically active substance, and the specific
ellipticity 0 is the ellipticity in degrees for the same
path length and same concentration. Molar rotation
[¢] (sometimes [M]) and molar ellipticity [0] are de-
fined by Egs. (1) and (2). For comparisons among

[¢] = [«]M/100 (€))
[6] = 6M/100 @)

different compounds, the molar quantities are more
useful, since they allow direct comparison on a mole-
for-mole basis.

The ratio of the area under the associated partial
CD curve to the wavelength of the CD maximum is
a measure of the rotatory intensity of the absorption
process. Moreover, for bands appearing in roughly
the same spectral region and having roughly the
same half-width (Fig. 2), the peak-to-trough rotation
of the partial ORD curve is roughly proportional to
the wavelength-weighted area under the correspond-
ing partial CD curve. In other words, relative rotatory
intensities can be gaged from either the pertinent
partial ORD curves or pertinent partial CD curves.
A convenient quantitative measure of the rotatory
intensity of an absorption process is the rotational
strength. The rotational strength R; of the 7th transi-
tion, whose partial molar CD curve is [0, (A)], is given
by relation (3).

R; ~ 6.96 x 107% / de €))

0 A

Molecular structure. The rotational strengths actu-
ally observed in practice vary over quite a few orders
of magnitude, from ~1073® down to 10742 cgs and
less; this variation in magnitude is amenable to stere-
ochemical interpretation. In this connection it is use-
ful to classify optically active chromophores, which
are necessarily dissymmetric, in terms of two limiting
types: the inherently dissymmetric chromophore,
and the inherently symmetric but dissymmetrically
perturbed chromophore. See OPTICAL ACTIVITY.

Cotton effect
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A symmetric chromophore is one whose inherent
geometry has sufficiently high symmetry so that the
isolated chromophoric group is superimposable on
its mirror image, for example, the carbonyl group
YC=O0. The transitions of such a chromophore can
become optically active, that is, exhibit a Cotton ef-
fect, only when placed in a dissymmetric molecular
environment. Thus, in symmetrical formaldehyde,
H,C=0, the carbonyl transitions are optically inac-
tive; in ketosteroids, where the extrachromophoric
portion of the molecule is dissymmetrically disposed
relative to the symmetry planes of the )C:O group,
the transitions of the carbonyl group exhibit Cotton
effects. In such instances the signed magnitude of
the rotational strength will depend both upon the
chemical nature of the extrachromophoric perturb-
ing atoms and their geometry relative to that of the
inherently symmetric chromophore. In a sense, the
chromophore functions as a molecular probe for
searching out the chemical dissymmetries in the ex-
trachromophoric portion of the molecule.

The type of optical activity just described is asso-
ciated with the presence of an asymmetric carbon
(or other) atom in a molecule. The asymmetric atom
serves notice to the effect that, if an inherently sym-
metric chromophore is present in the molecule, it
is almost assuredly in a dissymmetric environment,
and hence it may be anticipated that its erstwhile op-
tically inactive transitions will exhibit Cotton effects.
Moreover, the signed magnitude of the associated ro-
tational strengths may be interpreted in terms of the
stereochemistry of the extrachromophoric environ-
ment, as compared with that of the chromophore.
But an asymmetric atom is not essential for the ap-
pearance of optical activity. The inherent geometry
of the chromophore may be of sufficiently low sym-
metry so that the isolated chromophore itself is chi-
ral, that is, not superimposable on its mirror image,
for example, in hexahelicene.

In such instances the transitions of the chro-
mophore can manifest optical activity even in the
absence of a dissymmetric environment. In addi-
tion, it is very often true that the magnitudes of the
rotational strengths associated with inherently dis-
symmetric chromophores will be one or more or-
ders of magnitude greater (~107%® cgs, as opposed
to <1073 cgs) than those associated with inher-
ently symmetric chromophores. In the spectral re-
gions of the transitions of the inherently dissymmet-
ric chromophore, it will be the sense of handedness
of the chromophore itself that will determine the
sign of the rotational strength, rather than perturba-
tions due to any dissymmetric environment in which
the inherently dissymmetric chromophore may be
situated.

The sense of handedness of an inherently dissym-
metric chromophore may be of considerable signif-
icance in determining the absolute configuration or
conformations of the entire molecule containing that
chromophore. Accordingly, the absolute configura-
tion or conformation can often be found by focus-
ing attention solely on the handedness of the chro-
mophore itself. For example, in the chiral molecule

CHs

i
H

Fig. 3. Structural formula of (+)-trans-9-methyl-1,4,9,10-
tetrahydronaphthalene.

; SONC e

(@) (b)

Fig. 4. Schematic representation of the twisted diene
chromophore showing the two possible handednesses; the
numbering is as indicated in Fig. 3. (a) Right-handed.

(b) Left-handed.

shown in Fig. 3 there is a one-to-one correspon-
dence between the sense of helicity of the nonplanar
diene chromophore present and the absolute con-
figuration at the asymmetric carbon atoms. Hence
there exists a one-to-one correspondence between
the handedness of the diene and the absolute con-
figuration of the molecule. Since it is known that a
right-handed diene helix (Fig. 4) associates a pos-
itive rotational strength with the lowest diene sin-
glet transition in the vicinity of 260 nanometers, by
examination of the pertinent experimental Cotton
effect (positive), the absolute configuration of the
molecule is concluded to be as shown.

Other examples of inherently dissymmetric chro-
mophores are provided by the helical secondary
structures of proteins and polypeptides. Here the
inherent dissymmetry of the chromophoric system
arises through a coupling of the inherently symmet-
ric monomers, which are held in a comparatively
fixed dissymmetric disposition relative to each other
through internal hydrogen bonding. The sense of he-
licity is then related to the signs of the rotational
strengths of the coupled chromophoric system. The
destruction of the hydrogen bonding destroys the or-
dered dissymmetric secondary structure, and there
is a concomitant decrease in the magnitude of the
observed rotational strengths. Albert Moscowitz

Bibliography. E. Charney, The Molecular Basis of
Optical Activity, 1975, reprint 1985; S. E Mason,
Molecular Optical Activity and the Chiral Discrim-
inations, 1982.
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Coulomb excitation

Nuclear excitation caused by the time-dependent
longranged electric field acting between colliding
nuclei. Theoretically, the Coulomb force between
the positively charged colliding nuclei is well un-
derstood, and the interaction is exactly calcula-
ble. Coulomb excitation usually is the dominant re-
action in nuclear scattering, and even occurs at
low bombarding energies where the separation of



the nuclei is sufficiently large that the short-
ranged nuclear force does not act. See COULOMB’S
LAW.

Coulomb excitation plays a vital role in probing the
response of both shape and volume collective modes
of motion as well as the interplay of single-particle
degrees of freedom of the nuclear many-body system.
The goal of this work is to develop better models
of nuclear structure and to elucidate the underlying
nuclear force.

Collective nuclear modes of motion. The residual in-
teraction between nucleons bound in the nucleus
leads to coherent collective modes of motion of the
nuclear surface and volume. Such coherent motion
of many nucleons in the nucleus is of considerable
interest in understanding the physics of many-body
quantal systems. Collective rotation and vibration of
deformed shapes of the nuclear surface is a domi-
nant and ubiquitous feature of the low-lying structure
in nuclei. Quite separate from these low-lying sur-
face collective modes are volume collective modes
that lead to high-frequency giant resonances at 10-
30 MeV in excitation energy. The nuclear charge of
the nucleons involved in this coherent motion pro-
duces considerably enhanced electromagnetic prop-
erties for collective nuclear states. The electric mul-
tipole moments of the nuclear states are a direct and
sensitive measure of nuclear deformation. For exam-
ple, the electric quadrupole moments are a direct
measure of quadrupole deformation, such as football-
shaped deformation; the electric octupole moments
are sensitive to octupole deformation, such as pear
shapes; while electric hexadecapole moments are
sensitive to more complicated hexadecapole-shaped
deformation. See GIANT NUCLEAR RESONANCES; NU-
CLEAR MOMENTS.

The considerable importance of Coulomb excita-
tion lies in the fact that it is the preeminent probe of
collective-shape degrees of freedom in nuclei. That
is, Coulomb excitation selectively populates modes
of motion of the collective shape with cross sections
that are a direct and sensitive measure of the electric
moments, and these electric moments can be mea-
sured with considerable precision since the electro-
magnetic interaction is exactly calculable.

One-step and multistep excitation. Coulomb excita-
tion was first observed in the 1950s and played a
pivotal role in showing that many nuclei have pro-
late deformation like a football. The initial experi-
ments used beams of protons or alpha particles for
which the electromagnetic interaction is weak and
only simple one-step excitation occurs. The intro-
duction of high-atomic-number (high-Z) projectiles
dramatically advanced exploitation of Coulomb exci-
tation. With such projectiles, the electromagnetic ex-
citation probability for surface modes can approach
unity and multistep excitation dominates, leading to
the population of excited states with up to 34 units
of angular momentum. Such multistep Coulomb ex-
citation can determine the electromagnetic proper-
ties of many low-lying collective states in a nucleus,
making it a powerful probe of collective motion in
nuclear structure. See ALPHA PARTICLES; PROTON.

Coulomb excitation

Technical advances. Three technical advances
have greatly enhanced the power of Coulomb ex-
citation as a probe of nuclear structure. The first is
the development of heavy-ion accelerators that can
provide copious beams of stable nuclear isotopes
throughout the periodic table, including high-Z pro-
jectiles such as uranium (Z = 92). Also, radioactive
beam facilities are being built that expand the arse-
nal of beams to include unstable nuclear species. The
second advance is the fabrication of arrays of large
intrinsic-germanium high-resolution gamma-ray de-
tectors that surround the target. These have high de-
tection efficiency and extremely high sensitivity for
resolving the gamma rays emitted during the subse-
quent decay of excited states populated by multiple
Coulomb excitation. In addition, large-solid-angle ar-
rays of heavy-ion detectors are used to detect the
coincident scattered ions and to determine unam-
biguously the nuclei excited and the scattering tra-
jectories. The third advance is the development of
a Coulomb excitation least-squares search computer
code that makes it possible to extract the hundreds
of electromagnetic matrix elements that couple
the many states excited in multiple Coulomb exci-
tation.

These advances allow population and study of
complete sets of states for low-lying collective bands
in a nucleus. Coulomb excitation has allowed de-
tailed mapping of the collective-shape degrees of
freedom in nuclei. The moments of inertia of collec-
tive rotation bands are derived from the excitation
energies, while the nuclear shapes are derived from
the electric moments. See GAMMA-RAY DETECTORS;
PARTICLE ACCELERATOR.

Studies of low-lying modes. Coulomb excitation
has produced a wealth of information on low-lying
collective-shape degrees of freedom in nuclei. It has
allowed study of rotational bands up to high angu-
lar momentum in nuclei that are not easily popu-
lated by other reaction mechanisms, such as neutron-
rich stable nuclei, transuranic nuclei, and radioactive
neutron-rich nuclei produced at radioactive beam
facilities. Such studies have shown that collective
motion is richer than early theoretical models had
suggested. In many nuclei, Coulomb excitation has
identified complete sets of states in rotational bands
that result from rotation of football shapes with axis
ratios of about 1.5 to 1. These strongly deformed
prolate quadrupole shapes have electric quadrupole
transition strengths that are over 200 times greater
than those produced by a single proton. Other col-
lective nuclear states have been found correspond-
ing to the rotation and vibration of nearly oblate
quadrupole deformed shapes, but where all three
spatial axes of the nuclear shape differ in length.
Collective states attributed to both one and two units
of quadrupole or octupole vibration have been dis-
covered. More complicated motion, such as bands
of states corresponding to pear-shaped octupole
vibration about rotating prolate deformed shapes,
have been studied. Coexistence of rotational-
vibrational bands having very different deformation
also has been discovered in certain nuclei. These
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Coulomb explosion

observations are being used to refine models of nu-
clear structure.

Studies of giant resonances. The above studies in-
volve Coulomb excitation of low-lying rotational and
vibrational collective surface modes. Scattering of
much faster heavy ions at very small scattering an-
gles can lead to distances of closest approach that
still are large enough to ensure that the interac-
tion is dominated by the electromagnetic interac-
tion. The shorter electromagnetic impulse in such
fast Coulomb excitation makes it possible to excite
the high-frequency collective volume modes, that
is, giant resonances. Fast Coulomb excitation has
been used to map giant resonances corresponding
to both in-phase and out-of-phase vibrations of the
protons and neutrons as well as double-phonon giant
resonances. These studies elucidate the interplay of
collective and single-particle degrees of freedom in
nuclear structure. See NUCLEAR STRUCTURE; SCAT-
TERING EXPERIMENTS (NUCLED). Douglas Cline

Bibliography. K. Alder and A. Winther, Electromag-
netic Excitation: Theory of Coulomb Excitation
with Heavy Ions, 1975; T. Aumann, P. E Bortignon,
and H. Emling, Multiphonon giant resonances in nu-
clei, Annu. Rev. Nucl. Part. Sci., 48:351-399, 1998;
D. Cline, Collective modes studied by Coulomb ex-
citation, Acta Physica Polonica B, 30:1291-1308,
1999; D. Cline, Nuclear shapes studied by Coulomb
excitation, Annu. Rev. Nucl. Part. Sci., 36:683-716,
1986.

1
Coulomb explosion

A process in which a molecule moving with high
velocity strikes a solid and the electrons that bond
the molecule are torn off rapidly in violent colli-
sions with the electrons of the solid; as a result,
the molecule is suddenly transformed into a clus-
ter of charged atomic constituents that then sepa-
rate under the influence of their mutual Coulomb
repulsion. The initial velocity of the molecule is typ-
ically greater than 3 x 10° ft/s (10° m/s), and it takes
on the order of 1077 s for electrons to be torn off
the molecule. Typically, it takes about 10~ s for
the initial Coulomb potential energy of the cluster
to be converted into kinetic energy as the charged
fragments recede from one another. See COULOMB’S
LAW.

Coulomb explosions are most commonly studied
using a particle accelerator, normally employed in
nuclear physics research (Van de Graaff generator,
cyclotron, and so forth), to produce a beam of fast
molecular ions that are directed onto a solid-foil tar-
get. The Coulomb explosion of the molecular projec-
tiles begins within the first few tenths of a nanometer
of penetration into the foil, continues during pas-
sage of the projectiles through the foil, and runs to
completion after emergence of the projectiles into
the vacuum downstream from the foil. Detectors lo-
cated downstream make precise measurements of
the energies and charges of the molecular fragments
together with their angles of emission relative to the

beam direction. The Coulomb explosion causes the
fragment velocities to be shifted in both magnitude
and direction from the beam velocity. The corre-
sponding shifts in energy and angle are small, but
if the foil target is thin (approximately 10 nm) and
of light material (for example, carbon), the blurring
effects of energy-loss straggling and multiple scat-
tering in the foil can be kept small relative to the
Coulomb explosion effects. See CHARGED PARTICLE
BEAMS; PARTICLE ACCELERATOR.

Consider a beam of 3-MeV HeH" ions incident on a
10-nm-thick carbon foil. Upon striking the foil, each
projectile produces a 2.4-MeV alpha particle and a
600-keV proton separated by about 80 picometers
(the bond length for HeH™). The Coulomb explo-
sion causes the separation to grow to about 100 pm
during traversal of the foil. Downstream, the frag-
ments achieve asymptotic shifts in energy and angle
that are determined by the initial orientation of the
molecule. The maximum energy shift (£8.4 keV) is
obtained when the internuclear vector in the projec-
tile is parallel to the beam direction. There is then no
angular shift. The sign of the energy shift for a given
fragment depends on whether it is leading or trailing
its partner. If the internuclear vector is perpendicu-
lar to the beam, the maximum angular shift (0.4° for
the proton, 0.1° for the alpha particle) is achieved,
and there is no shift in energy. A joint distribution
in energy and angle of protons from similar disso-
ciations (with a 19.5-nm-thick foil) is shown in the
illustration. The width of the “rim” reflects vari-
ations in the internuclear distance of the incident
molecular jions due to their vibrational motion.

Coulomb explosion experiments of this type serve
two main purposes. First, they yield valuable infor-
mation on the interactions of fast ions with solids. For
example, it is known that a fast ion generates a polar-
ization wake that trails behind it as it traverses a solid.
This wake can be studied in detail by using diatomic
molecular-ion beams, since the motion of a trailing
fragment is influenced not only by the Coulomb ex-
plosion but also by the wake of its partner (rather
like the way a boat is affected by the wake of an-
other in front of it). The nonuniform distribution of
intensity around the ring in the illustration can be ac-
counted for quantitatively in terms of forces due to
the polarization wakes. Second, Coulomb-explosion
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techniques can be used to determine the stereo-
chemical structures of molecular-ion projectiles. For
example, with this method it was demonstrated ex-
perimentally for the first time that the HI molecule
is equilateral-triangular. See ELECTRON WAKE; MOLEC-
ULAR STRUCTURE AND SPECTRA; STEREOCHEMISTRY.

Donald S. Gemmell

1
Coulomb’s law

For electrostatics, Coulomb’s law states that the di-
rect force F of point charge g; on point charge ¢,
when the charges are separated by a distance 7 in
free space, is given by F = Ryq.q./r*, where &, is
a constant of proportionality whose value depends
on the units used for measuring F, g, and r. It is the
basic quantitative law of electrostatics. In the Inter-
national System (SD) of units, &y = 1/(47€,), where €,
is called the permittivity of empty space and has the
value 8.85 x 10~ ! farad/m. Thus, Coulomb’s law is as
in the equation below where ¢; and ¢, are expressed

1 qq
T dmey 12

in coulombs, 7 is expressed in meters, and F is given
in newtons. See ELECTRICAL UNITS AND STANDARDS.

The direction of F is along the line of centers of
the point charges ¢, and ¢,. The force is one of at-
traction if the charges are opposite in sign and one
of repulsion if the charges have the same sign. For a
statement of Coulomb’s law as applied to point mag-
net poles. See MAGNETOSTATICS.

Experiments have shown that the exponent of 7 in
the equation is very accurately the number 2. Ernest
(Lord) Rutherford’s experiments, in which he scat-
tered alpha particles by atomic nuclei, showed that
the equation is valid for charged particles of nuclear
dimensions down to separations of about 1072 cm.
Nuclear experiments have shown that the forces be-
tween charged particles do not obey the equation
for separations smaller than this.

The direct force that one charged particle exerts
on another is unaffected by the presence of addi-
tional charge and, in any electrostatic system, the
equation gives this direct force between g, and g,
under any conditions of charge configuration, includ-
ing that in which intervening and surrounding matter
is present and the molecules of the matter are polar-
ized so that their charges contribute to this configu-
ration. The total force on any one charge, say g, is
the vector sum of the separate direct forces on g; due
to ¢z, 43, 44, and so on, each force computed sepa-
rately by use of the equation as if all other charges
were absent.

The permittivity € of a medium is defined by
€ = €,€, where ¢, is the relative permittivity of the
medium. It was formerly known also as the relative
dielectric constant or specific inductive capacity. See
PERMITTIVITY.

If two free point charges g; and ¢, are immersed
in an infinite homogeneous isotropic dielectric, the
total force on one of them, say g, is given by

F = qiq>/(4mer?) and the use of € (in place of €g)
takes proper account of the forces on g, due to the
polarization charges of the dielectric molecules. See
ELECTRIC CHARGE; ELECTROSTATICS.  Ralph P. Winch

Bibliography. B. I. Bleaney and B. Bleaney, Electric-
ity and Magnetism, 3d ed., 1989; Coulomb’s Law
Committee, Amer. J. Phys., 18:6-11, 1950; E. M.
Pugh and E. W. Pugh, Principles of Electricity and
Magnetism, 2d ed., 1976; E. M. Purcell, Electricity
and Magnetism, Berkeley Physics Course, vol. 2,
2d ed., 1985.

1
Coulometer

Electrolysis cell in which a product is obtained with
100% efficiency as a result of an electrochemical reac-
tion. The quantity of electricity, that is, the number of
coulombs of electricity (Q), can be determined very
accurately by weighing the product that is deposited
on an electrode in the course of the electrochemical
reaction. The relationship between the weight of the
product formed in the coulometer and the quantity
of electricity used is given by Faraday’s laws of elec-
trolysis. When a constant current of 7 amperes flows
through the electrolyte in the coulometer for # sec-
onds, the number of coulombs passed is given by
Eq. (1). If the current varies in the course of the

Q=i @M

electrolysis, the simple current-time product in
Eq. (1) is replaced by the current-time integral,
Eq. (2). When Q coulombs of electricity are passed

t
Q:/ idt )
0

through the electrolyte, the weight in grams of the
material that is deposited on the electrode (w) is
given by Eq. (3), where z is the number of electrons

oM
w=— 6))
transferred per mole of material deposited, M is its
molecular weight, and F is the Faraday constant,
96,487 + 1.6 coulombs.

Equation (3) is fundamental in coulometry and is a
mathematical statement of Faraday’s laws. This equa-
tion is used for the accurate determination of Q, the
current-time integral, by weighing or measuring a
product that is formed at an electrode by an elec-
trochemical reaction that occurs with 100% current
efficiency. The electrolysis cell that is used for this
purpose is a coulometer.

Only a few electrode reactions proceed with the
100% current efficiency that is required for the use
of Eq. (3). The deposition of silver or copper (in a sil-
ver or copper coulometer), the evolution of oxygen
and hydrogen (in a gas coulometer), and the oxida-
tion of iodide to iodine (in an iodine coulometer)
are examples of electrode reactions that have been
successfully employed. One coulomb of electricity
will deposit 1.1180 mg of silver at the cathode in

Coulometer
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Countercurrent exchange (biology)
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Fig. 1. Silver coulometer. The porous cup catches particles
of silver that fall off the anode.
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Fig. 2. lodine coulometer.

a silver coulometer (Fig. 1) or liberate 1.315 mg
of iodine at the anode in an jodine coulometer
(Fig. 2). Although these classical chemical coulome-
ters are capable of measuring the quantity of elec-
tricity with high precision and accuracy, their use
is time-consuming and inconvenient; and they have
been largely replaced by operational amplifier inte-
grator circuits or digital circuits that display in a di-
rect readout the number of coulombs passed dur-
ing electrolysis. See ELECTROCHEMICAL EQUIVALENT;
ELECTROLYSIS. Quintus Fernando

Bibliography. S. A. Borman (ed.), Instrumentation
in Analytical Chemistry, 1982; B. G. Liptak, Ana-
Wtical Instrumentation, 1994; G. W. Milner and G.
Phillips, Coulometry in Analytical Chemistry, 1968.

]
Countercurrent exchange (biology)

Engineers have known for decades that efficient,
almost complete heat or other exchange could be
achieved between two fluids flowing in opposite di-
rections in separate tubes. Such countercurrent sys-
tems have been “invented” numerous times by liv-
ing organisms for all types of exchange function.
They are most commonly found in the circulatory,
respiratory, and excretory (kidney) systems, serving
in heat, oxygen, and ion exchange. Biological coun-

tercurrent systems can be classified into two main
types: downhill exchanges and hairpin multipliers.
In both cases, the basic mechanism is the same—
exchange of substance between fluids flowing in op-
posite directions—but the consequences are very
different.

Downhill exchanges. These countercurrent sys-
tems are commonest in the circulatory system where
their morphological structure is a rete mirabile (a
wonderful net) of closely apposed sets of small
arteries and veins. They are also found in gills of fish
and in the minute air tubules of the avian lung. The
principle of downhill exchanges is simple, as shown
in Fig. 1. Fluids flow in opposite directions in sep-
arate tubes with the possibility of exchange, for ex-
ample, heat flow or diffusion of oxygen, between
them. The fluid entering one tube is warmest at that
end, while that entering the second tube is coolest
at the other end. Heat flows from higher to lower
temperature. As heat flows from the warmer to the
cooler tube, the fluid in the warmer tube cools down
slightly and moves down along the tube. But as the
slightly cooler fluid has moved further, it comes into
contact with still cooler fluid in the second tube, and
additional heat flow can occur. Thus, as the warmer
fluid flows down the tube, it constantly loses heat,
but always comes into contact with even cooler fluid
in the second tube; the reverse is true for the initially
cool fluid as it receives heat and warms up. Although
the temperature differential between the two fluids
is small at any point along the length of the coun-
tercurrent system, almost all the heat contained in
the warmer tube is transferred to the cooler tube.
Exchange of heat or oxygen occurs by passive diffu-
sion. Most of the heat that entered the countercur-
rent system at one end leaves the system at the same
end.

Retia of blood vessels thus serve as thermal iso-
lating mechanisms within the body. They are found
in appendages of mammals and birds (for example,
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Fig. 1. Downhill exchange countercurrent system.

(a) Graph showing the relationship between distance and
temperature in a downhill system. (b) Schematic showing
the two tubes carrying hot fluid and cool fluid and the
mechanism by which heat exchange takes place.



whale flippers, the tail of beavers, and legs of gulls)
to prevent excessive heat loss from these uninsulated
parts. In reverse, masses of warm muscles in rapidly
swimming fish, such as mackerel, tuna, and the mako
shark, are isolated from the rest of the body and the
gills, where heat loss would occur, by sets of retia.
In desert mammals a rete located between the veins
draining evaporating (that is, cooling) surfaces and
the carotid artery cools the arterial blood before it
reaches the brain.

Downhill exchange systems in the gills of fish
and in the air tubules of birds permit maximum ex-
change of oxygen from the environment into the
blood. Blood in respiratory capillaries flows against
the water or air current and thus can pick up most of
the oxygen contained in the external fluid. The ad-
vantage of downhill exchangers is that they achieve
greater efficiency without extra energy cost simply
by arranging flow in a countercurrent rather than in
a concurrent fashion.

Hairpin multipliers. These exchange systems take
their name from the structure of the tubes, which
have a hairpin turn between the afferent (descend-
ing) and the efferent (ascending) limbs. Hairpin
countercurrent systems are found in the nephron
(the loop of Henle) of the kidney and in the capil-
lary system of the gas gland in the swim bladder of
many fish. In contrast to downbhill systems, which op-
erate by passive transport, hairpin multipliers must
employ active transport of materials. These are al-
ways materials pumped out of the efferent limb of
the system.

Operation of a hairpin multiplier, such as the loop
of Henle, is shown in Fig. 2. As the kidney filtrate
flows down the afferent limb and up the efferent
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Fig. 2. Hairpin multiplier countercurrent system (loop of
Henle of nephron).

Countercurrent transfer operations

limb, sodium ions (Na™) are actively transported out
of the efferent limb. The sodium diffuses back into
the afferent limb and is carried once again around the
hairpin turn, together with additional sodium that
constantly enters the system via the afferent limb.
Continual active transport of sodium along the en-
tire length of the efferent limb and its diffusion back
into the afferent limb will result in the accumulation
of sodium at the bottom of the loop and in the sur-
rounding interstitial fluid, and in the establishment of
a steep osmotic gradient from the top to the bottom
of the hairpin system. Yet at no point within this
multiplier mechanism are individual cells exposed
to excessive osmotic pressure. The steep gradient of
osmotic pressure is used for final concentration of
the urine as it passes down the collecting ducts. As
water is drawn from the urine by the osmotic pres-
sure of the interstitial fluid, the more concentrated
urine passes into an area of even greater osmotic
pressure—an example of downhill exchange. Thus,
both types of countercurrent systems operate in the
kidney to recover water from the urine. Desert mam-
mals improve their water-conserving abilities by sim-
ply increasing the length of the loop of Henle; hence
the strength of the osmotic pressure at the lower end
of the hairpin is also increased.

The hairpin multiplier in the gas gland of the swim
bladder of deep-sea marine fish serves to concentrate
oxygen. Lactic acid is produced in the gas gland lo-
cated at the bend of the hairpin capillaries and se-
creted into the blood. Lactic acid drives oxygen from
hemoglobin faster than it can recombine with the
hemoglobin molecule. The oxygen diffuses out of
the efferent limb and into the afferent limb. With the
constant addition of oxygen by arterial blood in the
efferent limb, a very steep concentration gradient in-
crease of over 1000-fold is achieved, thereby filling
the swim bladder with gaseous oxygen against the
great water pressures at depth of 330 ft (1000 m) or
more. See KIDNEY; RESPIRATORY SYSTEM; SWIM BLAD-
DER. Walter J. Bock

Bibliography. C. L. Prosser (ed.), Comparative An-
imal Physiology, 4th ed., 1991; K. Schmidt-Nielsen,
Animal Physiology: Adaptation and Environment,
5th ed., 1997; K. Schmidt-Nielsen et al. (eds.), Prim-
itive Mammals, 1980.

1
Countercurrent transfer operations

Industrial processes in chemical engineering or lab-
oratory operations in which heat or mass or both are
transferred from one fluid to another, with the fluids
moving continuously in very nearly steady state or
constant manner and in opposite directions through
the unit. Other geometrical arrangements for trans-
fer operations are the parallel or concurrent flow,
where the two fluids enter at the same end of the ap-
paratus and flow in the same direction to the other
end, and the cross-flow apparatus, where the two
fluids flow at right angles to each other through the
apparatus. These two arrangements are ordinar-
ily not as efficient as countercurrent flow, but do

11
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Couple

find certain applications in industry and the labora-
tory.

Heat transfer. In heat transfer there can be almost
complete transfer in countercurrent operations. The
limit is reached when the temperature of the colder
fluid becomes equal to that of the hotter fluid at some
point in the apparatus. At this condition the heat
transfer is zero between the two fluids. The amount
of actual heat transfer is determined by economical
design, that is, by comparing the value of the trans-
ferred heat with the cost of the heat exchange equip-
ment. The economically optimum heat transfer has
been studied for many years in engineering and is
changing constantly as the costs of basic forms of
energy increase.

Most heat transfer equipment has a solid wall be-
tween the hot fluid and the cold fluid, so the fluids
do not mix. Heat is transferred from the hot fluid
through the wall into the cold fluid. Another type of
equipment, fewer in number but significant in size
and use, does use direct contact between the two
fluids—for example, the cooling towers used to re-
move heat from a circulating water stream. Cooling
towers are of the countercurrent type and the cross-
flow type. For more discussion of heat transfer see
COOLING TOWER; HEAT BALANCE; HEAT EXCHANGER;
HEAT TRANSFER.

Mass transfer. This process involves the chang-
ing compositions of mixtures, and is done usually
by physical means instead of chemical reactions be-
cause of the lower costs. Even as heat is transferred
from a region of high temperature to one of lower
temperature, a material is transferred within a single
phase from a region of high concentration to one of
lower concentration by processes of molecular dif-
fusion and eddy diffusion. In typical mass transfer
processes, at least two phases are in direct contact
in some state of dispersion, and mass (of one or more
substances) is transferred from one phase across
the interface into the second phase. Similar to heat
transfer, mass transfer takes place between two im-
miscible phases until equilibrium between the two
phases is attained. In heat transfer, equilibrium de-
notes an equality of temperature in the two phases,
but in mass transfer there is seldom an equality of
concentration in the two equilibrium phases. This
means that a component may be transferred from a
phase at low concentration (but at a concentration
higher than that at equilibrium) to a second phase
of greater concentration. The approach to equilib-
rium is controlled by diffusion transport across phase
boundaries. Because this is a relatively slow pro-
cess, the transport rate is increased by increasing
the total interfacial area, by decreasing the thick-
ness of the near-stagnant films adjacent to the inter-
face, and by more frequent renewals of the interfacial
films.

Although the two phases may be in concurrent
flow or cross-flow, usual arrangements have the
phases moving in countercurrent directions. The
more dense phase enters near the top of a vertical
cylinder and moves downward under the influence
of gravity. The less dense phase enters near the bot-
tom of the cylinder and moves upward under the in-

fluence of a small pressure gradient. In some cases,
centrifugal force is used instead of gravity to provide
phase separations.

For discussions of specific mass transfer op-
erations see ADSORPTION; CHEMICAL SEPARATION
TECHNIQUES; CRYSTALLIZATION; DISTILLATION; DRY-
ING; ELECTROPHORESIS; EXTRACTION; LEACHING.

Frank J. Lockhart

Bibliography. R. H. Perry and D. W. Green (eds.),
Perry’s Chemical Engineers’ Handbook, 7th ed.,
1997; R. E. Treybal, Mass Transfer Operations,
3d ed., 1980;J. Wesslingh and R. Krishna, Mass
Transfer, 1991.
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Couple

A system of two parallel forces of equal magnitude
and opposite sense (Fig. 1). Forces P at normal dis-
tance P constitute a counterclockwise couple C,
(viewed from +Z2) in the OXY plane; forces Q at arm
g constitute a clockwise couple C, (from +X) OYZ.

Under a couple’s action a rigid body tends only to
rotate about a line normal to the couple’s plane. This
tendency reflects the vector properties of a couple.
See RIGID-BODY DYNAMICS.

Vector properties. The total force of a couple is
zero. The total moment C of a couple is identical
about any point. Accordingly, C is the moment of
either force about a point on the other and is per-
pendicular to the couple’s plane. See RESULTANT OF
FORCES; STATICS.

In Fig. 1, C,, at the origin for convenience, is the
moment of couple C.. Its magnitude |C,| = +P,. Its
sense, by the convention of moment, is +Z. Also C,,
of sense —X, represents couple Cy; |Cy| = +Q,.

Scalar moment. The moment of a couple about a
directed line is the component of its total moment
in the line’s direction. For example, the moment
of couple C, about line L is M; = |C,| cos 6; =
+P, cos 6;. Also M, = 0, M, = 0, and M, =
+P, cos 0° = +P,,.

Equivalent couples. Couples are equivalent whose
total moments are equal. In Fig. 2, the paired lin-
ear forces and the counterclockwise curl represent

z +L

Fig. 1. Vector properties of a couple.



Fig. 2. Equivalent couples.

counterclockwise couple Cj, C,, and Cj in parallel
planes OXY, AXY, and BXY. When their total mo-
ments are directed the same (+2), and their mag-
nitudes |Cy| = Pipy, |Cs| = PP, and |C5| are equal,
then C; = C; = C; and these couples are equivalent.
Thus C, can represent these or any number of other
equivalent couples. Nelson S. Fisk

1
Coupled circuits

Two or more electric circuits are said to be coupled if
energy can transfer electrically or magnetically from
one to another. If electric charge, or current, or rate
of change of current in one circuit produces electro-
motive force or affects the voltage between nodes in
another circuit, the two circuits are coupled.

Between coupled circuits there is mutual induc-
tance, resistance, or capacitance, or some combina-
tion of these. The concept of a mutual parameter is
based on the loop method of analysis. A mutual pa-
rameter can be one that carries two or more loop
currents; such a network has conductive coupling
because electricity can flow from one circuit to the
other. See NETWORK THEORY.

Also, there can be purely inductive coupling,
which appears if the magnetic field produced by
current in one circuit links the other circuit. A two-
winding transformer is an application of inductive
coupling, with energy transferred through the mag-
netic field only.

It is also possible to have mutual capacitance, with
energy transferred through the electric field only.
An example is the capacitive interference between
two transmission lines, as a power line and a tele-
phone line, that run for a considerable distance side
by side.

Polarity. With inductive coupling, polarity may
need to be known, particularly if two circuits are
coupled in more than one way. Do two kinds of cou-
pling produce voltages that add or subtract?

Coupled circuits

There are several ways to show the relative polar-
ities of inductive coupling. Figure 1 shows, some-
what pictorially, two coils wound on the same core.
Current flowing into the upper end of coil 1 would
produce magnetic flux upward in the core, and so
also would current flowing into the upper end of coil
2. For this reason the upper ends of the two coils are
said to be corresponding ends.

Fig. 1. Two coils wound on a single core, illustrating
polarity.

If a wiring diagram is drawn with some such
semipictorial sketch of the coils, it is not diffi-
cult to determine which are corresponding ends.
However it is easier, both in representation and in
interpretation, to indicate the corresponding ends
symbolically. For this purpose dots are placed on a
diagram at the corresponding ends of coupled coils.
Such dots are shown in Fig. 1, though they are not
needed there. Dots are also shown in Fig. 2, where
they give the only means of identifying correspond-
ing ends of the coils.

Note that the bottom ends of the coils shown in
Fig. 1 are also corresponding ends, and that the two
lower ends might have been dotted instead of the
two upper ends; it makes no difference. But if the
sense of winding of either coil 1 or coil 2 in Fig. 1
were reversed, then one dot (either one) would have
to be shifted correspondingly.

Voltage equations. In addition to showing corre-
sponding ends of two coils, Fig. 2 indicates that the
two coils couple to each other. This coupling is iden-
tified as L,,. There is voltage from a to b in Fig. 2 if cur-
rent 7; is changing through the self-inductance L;; of
the coil in circuit 1. There is additional voltage from
a to b if current 7, is changing in circuit 2 because
of the mutual inductance L, between the circuits.
Thus, with circuit 1 coupled to circuit 2 and to any
number of other circuits, Eqs. (1) and (2) hold. Here

1,30y dh 16D
v — — — .
“@ "ar ar
dil dlz
Vg = ELopy— +Lpp— £ -- 2
d ( i + L ar ) (@)

L, and L,,, the self-inductances of the circuits, are
positive numbers (inductances measured in henrys).

Lo
—

Ji 6

b c

Fig. 2. Mutual inductance. Dots identify corresponding
ends of coils.
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Coupled circuits

With regard to the mutual terms, two questions of
polarity must be asked. Are the mutual inductances
such as Ly, and L, always positive numbers? And are
the signs before the mutual terms, shown as £ in
Eq. (1), actually + or are they —? Answers to these
questions are not always the same, and may be differ-
ent as given by different authors, but the most usual
simple procedure to answer them is as follows:

1. Draw a circuit diagram, such as Fig. 2, with
nominal positive directions of currents shown by ar-
rows and with dots at corresponding ends of coupled
coils.

2. Let each mutual inductance such as L, be a
positive number.

3. Write equations such as Eqs. (1) and (2) with
the following signs: First, if both arrows enter dotted
ends of a pair of coupled coils, or if both arrows
enter undotted ends, use + before the corresponding
mutual-impedance term. Second, if one arrow enters
a dotted end and the other an undotted end, use —
before the corresponding mutual-impedance term.

However, this simple procedure sometimes fails,
for it may be impossible to dot corresponding ends
of all pairs of coupled coils in a network if there
are three or more coils. A more general method
follows:

1. Draw a circuit diagram with nominal positive
directions of currents shown by arrows; place dots
at coil ends arbitrarily, as may be convenient.

2. Determine corresponding ends of pairs of cou-
pled coils, considering the coils two at a time. For the
mutual inductance between a pair of coils with cor-
responding ends dotted, use a positive number, such
as L, = 5. For mutual inductance between a pair of
coils with noncorresponding ends dotted, use a neg-
ative number, such as L, = —5.

3. Write equations according to rule 3, above.

Steady-state equations. The differential Eqs. (1)
and (2) are quite general. For steady-state operation
at a single frequency, it is often simpler to have pha-
sor or transform equations. Such equations can be in
terms of reactances instead of inductances (X = wl =
2nfL where fis frequency in cycles per second, or
hertz). With the usual interpretation of phasor or
transform equations, the steady-state relations corre-
sponding to Egs. (1) and (2) are shown in Egs. (3)
and (4). The rules in the foregoing paragraphs deter-

Vap = joyhh £ Ll = --4)
=jXuhh £ X L£--9) ®)

Vea = jo (ELo Iy + Loy, £ - - 2)
= j&EXoily + Xpplp -+ 2) (€))

mine the choice of 4+ or — in these equations; also, a
mutual reactance such as X, is a positive number (of
ohms) if the corresponding mutual inductance such
as Ly is a positive number (of henrys), as determined
by the above rules. See ALTERNATING-CURRENT CIR-
CUIT THEORY.

Equality of mutual inductance. Because of this
equality it is not uncommon, if there are only two
coupled coils in a network, to use the letter M in

place of both Ly, and L,;. This use of M will be
adopted in the following paragraphs.

Coefficient of coupling. The coefficient of coupling
between two circuits is, by definition, Eq. (5). If the

k=M/VLLz: )

circuits are far apart or, because of orientation, have
little mutual magnetic flux, they are loosely coupled
and & is a small number. Values of & for circuits with
loose coupling may be in the range between 0.01 and
0.10. For closely (or tightly) coupled circuits with air-
core coils, 2 may be around 0.5. In a transformer with
a ferromagnetic core, & is very nearly 1.00.

Ideal transformers. An ideal transformer is defined
as one in which primary and secondary currents are
related inversely as the number of turns in the wind-
ings; this is shown in Eq. (6). Voltages across the

L/, = N> /Ny )

primary and secondary windings are in direct pro-
portion to the numbers of turns, as shown in Eq. (7).

V]/V2=N1/N2 (@)

An actual transformer may be almost ideal or not at
allideal, depending on how it is made, and construc-
tion in turn depends on the purpose for which it is to
be used. In an ideal transformer & = 1; in any actual
transformer & is less than 1. In an actual transformer
there is magnetizing current, so Eq. (6) is not exact.
Also, an actual transformer has resistance and leak-
age reactance, so Eq. (7) is not exact. Nevertheless,
the relations of ideal transformers are closely approx-
imated by 60-Hz power transformers, and these re-
lations are more or less close for other transformers
that have ferromagnetic cores. See TRANSFORMER.

Whereas coupling % is desirably as close as pos-
sible to unity in a transformer that couples power
from one circuit to another, & may purposefully be
considerably less than unity in a transformer used for
another purpose. In an oscillator, coupling need only
be sufficient to sustain oscillation. In a band-pass am-
plifier, coupling is determined by bandwidth require-
ments. See OSCILLATOR; RESONANCE (ALTERNATING-
CURRENT CIRCUITS).

Equivalent circuits. It is often convenient to substi-
tute into a network, in place of a pair of inductively
coupled circuits, an equivalent pair of conductively
coupled circuits. Circuits so substituted are equiva-
lent if the network exterijor to the coupled circuits is
unaffected by the change; in many cases this require-
ment implies that input current and voltage and out-
put current and voltage are unaffected by the change.

Voltages and currents at the terminals of the cou-
pled circuits of Fig. 3 are related by Egs. (8) and (9).

R, + joLDI — joMI = Vg ®
R + joll — joMI; =V (©))

Voltages and currents at the terminals of the network
of Fig. 4 are also related by Egs. (8) and (9), so the
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Fig. 3. A pair of coupled circuits.
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Fig. 4. A network equivalent to coupled circuits, feeding a
load of impedance Z.

network of Fig. 4 is equivalent to the coupled cir-
cuits of Fig. 3. This is not immediately obvious, but
it appears when loop equations for the network are
simplified to a form that shows the requirement that
Ly =L+ aMand L, = L, + M/a and that Vg, =
aV.,, where a is the turn ratio of the ideal transformer
shown, equal to N,/N, in Egs. (6) and (7).

It seems at first that this substitution, resulting in
the network of Fig. 4, has produced something more
complicated than the circuit of Fig. 3, but the value
of substituting will now be shown.

Mathematically, @ could be any number, but prac-
tically there are two particularly advantageous values
for a. When the coupling between coils is loose so
that k&, the coefficient of coupling, is small, and if
the coils have somewhere near the same number of
turns, it is advantageous to let a = 1. With a = 1 the
network of Fig. 4 is simplified to Fig. 5, leaving only
the conductively coupled circuits with parameters
Ryand L;, M, and L, and R,, where L, = L,;; — M, and
L, = Ly, — M. Many loosely coupled circuits partic-
ularly in radio circuits, are conveniently represented
by this equivalent network with @ = 1.

On the other hand, if coupling is close and espe-
cially when the two coupled coils have widely dif-
ferent numbers of turns (a situation that is typical of
transformers), it is more convenient to let @ equal the
actual turn ratio of the coils. If, for example, there
are 10 times as many turns in the primary winding of
a transformer as there are in the secondary winding,
it is well to let @ = 10. (Letting @ = 1 in such a trans-
former would result in a negative value for L, which,
though correct for analysis, is difficult to visualize.)

With a equal to the actual transformer turn ratio,
the following interpretation of Fig. 4 is usual and con-
venient. All causes of power loss and voltage drop
have been put into the equivalent 7 network. Only
the turn ratio, the actual transforming function, re-
mains in the ideal transformer. It now becomes pos-

Coupled circuits

sible to consider, to study, and even to design the
separate functions independently.

Transformers. The equivalent circuit of Fig. 4 is so
commonly used in transformer work that a number
of the quantities have been given special names. With
the concept that power is supplied to one winding
of the transformer, this is called the primary winding;
the other, the secondary winding, provides power
to a load. There may be a third, or tertiary, winding,
perhaps providing power to another load at a differ-
ent voltage or with a different connection, and even
other windings, on the same transformer core.

However, it is only when a transformer has be-
come part of a system that there is any meaning in
designating the windings as primary and secondary,
for a two-winding transformer can be used to carry
power in either direction. The terms “high-voltage
side” and “low-voltage side” are preferable for a trans-
former that is not part of a system. In the follow-
ing discussion the words primary and secondary re-
ally mean nothing more than the windings of the
transformer that are designated by the subscripts 1
and 2.

Speaking of a transformer with N, primary turns
and N, secondary turns, let @ be the turn ratio N,/N;.
Then, referring to Fig. 4, R, is primary resistance;
L, is primary leakage inductance; aM is primary
exciting inductance; a’L, is secondary leakage induc-
tance referred to the primary side; and a’R, is sec-
ondary resistance referred to the primary side. Usu-
ally, operation of power transformers is described in
terms of these leakage inductances (or leakage reac-
tances) and in terms of resistances, inductances, or
reactances all referred to one side of the transformer
or the other.

Transformation of impedance. Figure 6 is the same
as Fig. 4 except that the ideal transformer with turn
ratio of a:1 has been eliminated and the impedance
of the load has been changed from Z to a?Z. This
conversion makes the network of Fig. 6 equivalent
to that of Fig. 4 at the input terminals, and it suggests
a concept that is quite useful in communications.

R1 Ll L2 R2

D (

bo . oC
Li=L;-M Ly=Lyy—M

Fig. 5. A conductive network equivalent to the coupled
circuits of Fig. 3 (a = 1).

Rl Ll 82L2 a2R2 d

a7z

bo

Il I2/a

Fig. 6. Transformation of impedance from Fig. 4.
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Coupling

If a load with impedance Z is preceded by an ideal
transformer with turn ratio a, the input impedance
to the transformer is @*Z. Thus a load of impedance Z
can be made to act like a load with impedance a*Z by
using an ideal transformer with turn ratio a. A useful
application is to connect a load of one impedance
to an incoming line that has a different terminal
impedance through an impedance-matching trans-
former. By this means a transformer with turn ratio
a will match a load with resistance R to a source
with resistance a*R, thereby providing for maximum
power transfer to the load.

The preceding paragraph assumes an ideal trans-
former to provide a perfect impedance match.
Figure 6 shows the T network of resistances and in-
ductances that an actual transformer introduces into
the network. In practice, the transformer used must
be good enough so that these resistances and induc-
tances are acceptable.

Core loss. Neither the equations nor the circuits of
this article have taken into account the power loss
in a ferromagnetic core. Both eddy-current loss and
hysteresis loss may be appreciable; these iron losses
are commonly great enough to affect the economics
of power transformers, and even to prohibit the use
of metal cores with ratio-frequency current. See CORE
LOSS.

The relations of core loss are not linear and can-
not accurately be included in linear equations, but a
satisfactory approximation is used with power trans-
formers for which frequency and applied voltage
change little if at all. With these restrictions, core
loss can be represented by the loss in a resistance
shunted around mutual inductance aM of Fig. 4. This
approximation of loss is much better than neglecting
core loss entirely, and is usual in work with power
transformers. See CIRCUIT (ELECTRICITY).

Hugh H. Skilling
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R. L. Boylestad, Introductory Circuit Analysis,
8th ed., 1996; L. P. Huelsman, Basic Circuit Theory,
3d ed., 1991; J. W. Nilsson and S. A. Riedel, Electric
Circuits, 7th ed., Prentice Hall, 2004; S. Ramo, J. R.
Whinnery, and T. Van Duzer, Fields and Waves in
Communications Electronics, 3d ed., 1994.
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Coupling

A mechanical fastening device for connecting the
ends of two shafts together. There are three major
coupling types: rigid, flexible, and fluid.

Rigid coupling. This connection is used only on
shafts that are perfectly aligned. The flanged-face
coupling (Fig. 1a) is the simplest of these. For
this type of coupling the flanges must be keyed to
the shafts. The clamp, or keyless compression, cou-
pling (Fig. 1b)has split cylindrical elements which
clamp the shaft ends together by direct compres-
sion, through bolts, and by the wedge action of con-
ical sections. This coupling is generally used on line
shafting to transmit medium or light loads. See MA-
CHINE KEY.

¢ § 1 6

(a) (b)

Fig. 1. Rigid coupling. (a) Flanged-face coupling. (b) Clamp
coupling. (After E. A. Avallone and T. Baumeister Ill, eds.,
Marks’ Standard Handbook for Mechanical Engineers, 9th
ed., McGraw-Hill, 1987)

Flexible coupling. This connection is used for shafts
which are misaligned either laterally or angularly. It
also absorbs the impact due to fluctuations in shaft
torque or angular speed. The Oldham, or double-
slider, coupling (Fig. 2a) may be used to connect
shafts that have only lateral misalignment. Because

Fig. 2. Flexible coupling. (@) Oldham (double-slider)
coupling. (b) Geared “fast” flexible coupling. (After E. A.
Avallone and T. Baumeister Ill, eds., Marks’ Standard
Handbook for Mechanical Engineers, 9th ed., McGraw-Hill,
1987)

(a)

(b)

Fig. 3. Rubber flexible coupling. (a) Shear type.

(b) Compression type. (After E. A. Avallone and T.
Baumeister lll, eds., Marks’ Standard Handbook for
Mechanical Engineers, 9th ed., McGraw-Hill, 1987)
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Fig. 4. Hooke’s universal joint. (After E. A. Avallone and
T. Baumeister lll, eds., Marks’ Standard Handbook for
Mechanical Engineers, 9th ed., McGraw-Hill, 1987)

_

flywheel —_

%\ impeller
runner / N
\—»»
( ) output shaft

=

Fig. 5. Fluid coupling. (After E. A. Avallone and
T. Baumeister lll, eds., Marks’ Standard Handbook for
Mechanical Engineers, 9th ed., McGraw-Hill, 1987)

the tongues move about in the slots, the coupling
must be well lubricated and can be used only at low
speeds. The geared “fast” flexible coupling (Fig. 2b)
uses two interior hubs on the shafts with circumfer-
ential gear teeth surrounded by a casing having in-
ternal gear teeth to mesh and connect the two hubs.
Considerable misalignment can be tolerated because
the teeth inherently have little interference. This
completely enclosed coupling provides means for
better lubrication, and is thus applicable for higher
speeds. The rubber flexible coupling (Fig. 3a) is
used to transmit the torque through a comparatively
soft rubber section acting in shear. The type shown
in Fig. 30 loads the intermediate rubber member in
compression. Both types are recommended for light
loads only.

Universal joint. This is a flexible coupling for con-
necting shafts with much larger values of misalign-
ment than can be tolerated by the other types of
flexible coupling. Shaft angles up to 30° may be used.
The initial universal joint, credited to Robert Hooke
(Fig. 4), was a swivel arrangement by which two
pins at right angles allowed complete angular free-
dom between two connected shafts. However, it suf-
fers a loss in efficiency with increasing angles. See
UNIVERSAL JOINT.

Fluid coupling. This type has two basic parts: the
input member, or impeller, and the output member,
or runner (Fig. 5). There is no mechanical connec-
tion between the two shafts, power being transmit-
ted by kinetic energy in the operating fluid. The im-
peller is fastened to the flywheel and turns at engine
speed. As this speed increases, fluid within the im-
peller moves toward the periphery because of cen-
trifugal force. The circular shape of the impeller di-
rects the fluid toward the runner, where its kinetic
energy is absorbed as torque delivered by shaft. The
positive pressure behind the fluid causes flow to con-
tinue toward the hub and back through the impeller.
The toroidal space in both the impeller and runner
is divided into compartments by a series of flat radial
vanes. See FLUID COUPLING; SHAFTING. Y. S. Shin

Bibliography. E. A. Avallone and T. Baumeister III
(eds.), Marks’ Standard Handbook for Mechanical
Engineers, 10th ed., 1996.
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Cover crops

Unharvested crops grown to improve soil quality or
enhance pest management. Increasing numbers of
farmers plant cover crops as a means of conserving
soil, enhancing production, and reducing off-farm
inputs. The sustainable agriculture movement has
been a driving force for the increased use of cover
crops. Cover cropping can accomplish a wide range
of desired benefits, although there can be some draw-
backs.

Benefits. Cover crops are often used as a means
of preventing soil erosion (Fig. 1). Soil erosion is
detrimental due to the loss of nutrients and crop
rooting depth. Also, the washed-away sediment pol-
lutes streams, rivers, and estuaries and increases the
flooding potential downstream.

Cover crops play a vital role in controlling erosion
by (1) shielding the soil surface from the impact of
falling raindrops; (2) holding soil particles in place;
(3) preventing crust formation; (4) improving the
soil’s capacity to absorb water; (5) slowing the ve-
locity of runoff; and (6) removing subsurface water
between storms through transpiration.

Fig. 1. Early spring view of a rolling corn field protected by
stalk residues and domestic ryegrass covers.

Cover crops
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Cover crops

Cover crops also improve soil structure and water
infiltration, both of which are important for crop
growth. Production of polysaccharide gums by plant
roots and associated microorganisms increases ag-
gregation of soil particles because the gums act as
glues to bind particles together. Aggregation of soil
particles improves soil tilth, aeration, and drainage of
water. Cover crops with a higher carbon-to-nitrogen
(C/N) ratio, such as grasses, usually promote greater
polysaccharide production and thus greater aggre-
gate stability than do cover crops with lower carbon-
to-nitrogen ratios, such as legumes. Cover crops also
improve soil structure by adding organic matter. In
northern areas it is not unusual for a cover crop
like annual ryegrass (Lolium multiflorum) to return
4 or more tons (dry weight) of organic matter to
the soil. In warmer areas, 5 or more tons can be
produced.

Legume cover crops add nitrogen to the soil,
which can then be used by crops. They are able to
utilize nitrogen from the atmosphere through a sym-
biotic relationship with bacteria in the genus Rbi-
zobium. Through this process, called nitrogen fix-
ation, these bacteria form nodules on legume roots
(Fig. 2), where gaseous nitrogen is converted into ni-
trate or ammonium forms usable by plants. Because
rhizobia occur in low levels naturally in most soils,
the bacteria must be placed on legume seed before
planting, either by the seed mill or the farmer; this
process is called inoculation. After incorporation of

Fig. 2. Nodules created by nitrogen-fixing rhizobia on
berseem clover. Most of the nitrogen fixed in the roots is
transported to the tops. (Photo by Jack Kelly Clark)

the plants into the soil, the nitrogen becomes avail-
able to succeeding crops or to nearby trees or vines.
Up to 150-200 Ib (68-90 kg) of nitrogen can be made
available by sowing legume cover crops. In many
cases, legumes can fully satisfy the cash crop’s de-
mand for nitrogen.

Insect, weed, and nematode management can be
affected by cover cropping. Cover crops provide
a food source to many beneficial insect species—
either nectar, pollen, or other insects. In turn, these
beneficial insects may feed on adjacent crop pests.
For example, adult parasitic wasps feed on nectar
and pollen, while their larvae feed on and kill in-
sect pests, such as aphids. Predator insects, such
as lady beetles and green lacewings, are frequently
attracted to the cover crop to feed on soft-bodied
insects. Many cover crops can effectively suppress
weed emergence by shading the weeds or by re-
leasing naturally occurring plant toxins in a process
called allelopathy. Species commonly used to sup-
press weed growth include annual ryegrass, cereal
rye (Secale cereale), and vetches (Vicia spp.). Nema-
tode populations can also be reduced by the use of
cover crops. For example, some varieties of cowpea
(Vigna unguiculata) have been shown to suppress
root-knot nematode (Meloidogyne incognita).

Potential disadvantages. Cover crops require
knowledge and management to attain the desired
benefit. If they are not properly selected or man-
aged, there are drawbacks to their use, including
depletion of soil moisture, competition with the
adjacent crop (when present) for soil moisture
and nutrients, increased frost hazard in orchards
and vineyards, increased insect, nematode, and
weed pests, and added costs to purchase and plant
seeds.

Uses and management. Cover crops can be readily
grown in humid climates and in arid and semiarid cli-
mates where irrigation provides sufficient water that
cover crops do not rob the soil of needed moisture.
Cover crops that reseed themselves are often sown
on rangeland. Long-lived grasses such as blue grama
(Bouteloua gracilis), buffalo grass (Buchloé dacty-
loides), and the blue-stems (Andropogon sp.) have
been widely seeded on many different soil types in
the Great Plains. In California, annual clovers (77i-
JSolium spp.), annual medics (Medicago spp.), soft
chess (Bromus hordeaceus), annual fescue (Vulpia
myuros), and several perennial grass species are used
on rangelands.

In cold climates, many common spring-sown
crops can be advantageously used as cover crops.
Spring oats (Avena sativa) sown in the fall are killed
by cold weather but provide excellent ground cover
during the fall and winter. Buckwheat (Fagopyrum
esculentum) can be used as a cover crop to protect
the soil and as a smother crop to control weeds; it
also improves the soil upon incorporation. Cereal rye
is widely seeded as a cover crop following the har-
vest of the main crop. In mild climates, summer crops
such as sorghum-sudangrass (Sorghum vulgare X S.
sudanense) are sometimes planted in late summer,
then are killed by frost in late autumn. This practice



Fig. 3. California native perennial grass mixture planted in a
drip-irrigated San Joaquin Valley vineyard. This cover crop
goes dormant in the summer, reducing competition with the
vines for water and nutrients. (Photo by Jack Kelly Clark)

protects the soil, suppresses weeds, and scavenges
excess soil nitrogen to prevent it from leaching
below the root zone.

Cover cropping in orchard and vineyard middles
is often easier than in annual crops because they are
grown between the crop spatially rather than tem-
porally. A wide range of species, mixes, and manage-
ment systems are used in orchards and vineyards.
For maximum soil protection and wheel traction,
perennial grasses such as tall fescue (Festuca arun-
dinacea) or ryegrass (Lolium perenne) can be used,
although these species use substantial soil moisture.
In the arid west, some tree and vine crop growers
sow native perennial grass species such as California
brome (Bromus carinatus) and blue wildrye (Ely-
mus glaucus) [Fig. 3]. These species offer excel-
lent soil protection and go dormant in the sum-
mer, using little water. Reseeding annual clovers
or grasses are also sown in no-till orchards and
vineyards. Many organic growers sow high-biomass
legume species such as vetches, clovers, or field peas
(Pisum sativa), sometimes in combination with ce-
real cover crops. Upon incorporation, these “green
manure” cover crops add nitrogen to the soil for use
by the trees or vines. See AGRICULTURAL SOIL AND
CROP PRACTICES; NITROGEN FIXATION;, SOIL CONSER-
VATION. Chuck Ingels; Paul J. Zwerman

Bibliography. C. A. Ingels et al. (eds.), Cover Crop-
ping in Vineyards: A Grower’s Handbook, Univer-
sity of California, Division of Agriculture and Nat-
ural Resources, Oakland, 1998; Managing Cover
Crops Profitably, 2d ed., Sustainable Agriculture Net-
work, Beltsville, MD, 1998; M. Sarrantonio, North-
east Cover Crop Handbook, Rodale Institute, Em-
maus, PA, 1994.
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Cowpea

The legume Vigna unguiculata ssp. unguiculata,
also called southern pea, blackeye pea, or black-
eye bean (United States), or niébé (French-speaking
Africa). It is an important source of dietary protein
for human consumption and of animal feed in the
tropics, especially in Africa, Brazil, and India where

cowpeas are grown mostly as a subsistence crop for
home consumption and are not sold in markets. The
cowpea is adapted to hotter, more arid climates and
more infertile soils than other food legume crops.
Its symbiotic nitrogen-fixing abilities help maintain
soil fertility in peasant cropping systems. Over 65%
of the cowpea crop [2.5 million metric tons (5.5 bil-
lion pounds) from 8 million hectares (19.8 million
acres)] is produced in Africa, Nigeria and Niger pro-
ducing 50% of the world supply. Brazil produces over
25%. The United States is the only developed coun-
try producing large amounts of cowpea. Yields in
developing countries are only about 551-882 lb/ha
(250-400 kg/ha), principally because of insect in-
festations but also because of diseases and low soil
fertility. In the United States, average yields reach
4410 Ib/ha (2000 kg/ha) because of heavier use of
inputs, and are comparable to yields of other food
legumes.

Origin. The cowpea was domesticated in Africa
from one of several wild taxa that belong to the same
species as the cultivars and are classified as V. un-
guiculata ssp. dekindtiana. The wild relatives are
widely distributed in the Sahel, eastern and south-
ern Africa. The precise location of domestication is
not known, although northern Nigeria and Benin,
Ethiopia, and Botswana have been suggested as possi-
ble areas. At least by 2000 years ago, the cowpea was
introduced into India, probably with African cereals
such as pearl millet and sorghum. In Asia, new cul-
tivar types were selected in addition to the original
unguiculata type, grown mostly for dry seeds. The
sesquipedalis type, also known as the yard-long or
asparagus bean, is grown in India, China, and south-
eastern Asia for its succulent young pods and leaves.
Its pods are up to 18-30 in. (45-75 cm) long. The
biflora or catjang type is grown for fodder and dry
seeds mostly in India and Sri Lanka. An additional,
minor cultivar type is the textilis type, which was
grown in northern Nigeria but is now rarely found
in farm fields. It is a primitive type, grown for its
fibers in the inflorescence peduncles. Cowpea was
introduced into the Americas (principally Brazil and
the United States) through the colonial and slave
trades. In the United States, more than 65% of the
production originates in California and Texas (dry
seeds) and Georgia (fresh peas).

Characteristics. Cultivars generally have dark-
green, glabrous, shiny leaves. Growth habits include
climbing, prostrate, and bush types. Flowers and
pods are distributed mostly above the leaf canopy,
in the upper part of the canopy, or throughout the
canopy. Flowers are white or violet with various
color patterns. Most cultivars are self-pollinating;
however, some wild cowpeas in Africa are cross-
pollinated, producing larger, odoriferous flowers.
Pods can be erect or pendant (hanging from the pe-
duncle). Their shape ranges from straight to curved
to coiled (similar to alfalfa pods). Seeds can be kidney
or egg shaped, spherical or rhomboid. The seed coat
ranges from smooth to wrinkled. Pigmentation cov-
ers the entire seed (self-colored) or surrounds the
hilum (eye). Colors are mottled, speckled, or solid

Cowpea
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Coxsackievirus

and include white, cream, brown, red, pink, green,
and black.

Cultivation. In Africa, the savannas of South
America, and southern and southeastern Asia, cow-
peas are intercropped with cereals (sorghum, pearl
millet, maize) or cotton, or in some cases they are
grown as a monoculture. In very dry areas, such
as northeastern Brazil, they are grown with spine-
less forage cactus (Opuntia spp.). In the moist Ama-
zon areas of Peru and Brazil, climbing cowpeas are
grown. In rubber and tea plantations in Asia, cow-
peas are grown as a cover Crop or a green manure.
In the United States, they are grown in monocul-
tures. Breeders are developing cultivars with im-
proved growth habits; greater resistance to pests, dis-
eases, and parasitic plants (Striga and Alectra); better
tolerance to heat and drought stress; and enhanced
symbiotic nitrogen fixation. Novel, low-cost meth-
ods are being developed to control cowpea seed
weevils in developing countries that do not have ade-
quate pesticide use and crop management programs.
See LEGUME FORAGES; MULTIPLE CROPPING.

Utilization and nutritional qualities. The most impor-
tant utilization of cowpeas is that of seeds, whether
mature (dry seeds or blackeye bean) or immature
(southern pea). Seeds are marketed as a dry pack
or as a canned or frozen product. Other uses, such
as for the yard-long beans, are becoming more avail-
able, especially in specialty food markets. Cowpea
seeds contain 23-30% protein. As with other food
legumes, these proteins are deficient in the essen-
tial amino acids methionine and cystine, but they
complement cereal proteins, which are deficient in
lysine. See LEGUME. P. Gepts

Diseases. Diseases caused by fungi and viruses are
primary constraints in cowpea production. Roots
can be destroyed by the fungi Rhizoctonia solani,
Sclerotium rolfsii, and Pythium sp. Cercospora cru-
enta and C. canescens cause leaf spots, which some-
times result in defoliation of mature cowpea plants.
Stem anthracnose and pod spot are caused by Col-
letotrichum sp. Fusarium oxysporum infects vascu-
lar tissue and causes wilting.

Virus diseases of cowpea are characterized by leaf
discolorations (mottle, mosaic, chlorosis), stunted
growth, and reduced yields. Malformed leaves and
distorted growth are caused by cowpea mosaic and
southern bean mosaic viruses. Although cucumber
mosaic virus causes a very mild disease in cowpea,
it frequently occurs in a mixed infection with black-
eye cowpea mosaic virus and results in a synergistic
interaction with severely stunted plants (see illus.).
See PLANT VIRUSES AND VIROIDS.

The bacterium Xanthomonas vignicola can
cause both leaf blight and stem canker. In sandy soils
a root-knot disease caused by nematodes (Meloido-
gyne sp.) can be particularly injurious to general
plant growth.

The most common method to control cowpea dis-
eases is biological. Resistant cultivars are known for
many of the diseases, and chemical control usually
is not applied. Breeding programs have attempted
to incorporate resistance to the major diseases into

Severe mosaic and stunting of cowpea caused by a mixed
infection of cucumber mosaic virus and blackeye cowpea
mosaic virus. (From G. Pio-Ribeiro, S. D. Wyatt, and C. W.
Kuhn, Cowpea stunt: A disease caused by synergistic
interaction of two viruses, Phytopathology, 68:1260-1265,
1978)

single cowpea lines. See BREEDING (PLANT); PLANT
PATHOLOGY. Cedric W. Kuhn

Bibliography. J. C. Forbes and D. Watson, Plants in
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pea Research, Production and Utilization, 1985;
J. J. Vorst, Crop Production, 1992.
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Coxsackievirus

A large subgroup of the genus Enterovirus in the
family Picornaviridae. The coxsackieviruses produce
various human illnesses, including aseptic menin-
gitis, herpangina, pleurodynia, and encephalomy-
ocarditis of newborn infants. See ENTEROVIRUS; PI-
CORNAVIRIDAE.

Coxsackieviruses measure about 28 nanometers
in diameter; they resemble other enteroviruses in
many biological properties, but differ in their high
pathogenicity for newborn mice. Inapparent infec-
tions can be induced in adult mice, chimpanzees,
and cynomolgus monkeys. Some types, especially
A7, produce severe central nervous system lesions in
monkeys. Coxsackieviruses of group A and group B
differ in their effects on suckling mice; those of group
A produce widespread myositis in skeletal muscle,
whereas group B viruses produce necrosis of embry-
onic fat pads (brown fat). At least 23 antigenically
distinct types in group A are now recognized, and
6 in group B. Several types (B1-6, A9) grow well in
tissue culture. See TISSUE CULTURE.

After incubation for 2-9 days, during which the
virus multiplies in the enteric tract, clinical manifes-
tations appear which vary widely.



Diagnosis is by isolation of virus in tissue culture
or infant mice. Stools are the richest source of virus.
Neutralizing and complement-fixing antibodies form
during convalescence and are also useful in diag-
nosis. See ANTIBODY; COMPLEMENT-FIXATION TEST;
NEUTRALIZING ANTIBODY.

The coxsackieviruses have worldwide distribu-
tion. Infections occur chiefly during summer and
early fall, often in epidemic proportions. Spread of
virus, like that of other enteroviruses, is associated
with family contact and contacts among young chil-
dren. See ANIMAL VIRUS; VIRUS CLASSIFICATION.

Joseph L. Melnick; M. E. Reichmann

Bibliography. D. O. White and E Fenner, Medical

Virology, 4th ed., 1994.

1
CPT theorem

A fundamental ingredient in quantum field theories,
which dictates that all interactions in nature, all
the force laws, are unchanged (invariant) on being
subjected to the combined operations of particle-
antiparticle interchange (so-called charge conjuga-
tion, O), reflection of the coordinate system through
the origin (parity, P), and reversal of time, 7 The op-
erations may be performed in any order; T7CP, TPC,
and so forth, are entirely equivalent. If an interaction
is not invariant under any one of the operations, its ef-
fect must be compensated by the other two, either
singly or combined, in order to satisfy the require-
ments of the theorem. See NONRELATIVISTIC QUAN-
TUM THEORY; QUANTUM FIELD THEORY.

The CPT theorem appears implicitly in work by
J. Schwinger in 1951 to prove the connection be-
tween spin and statistics. Subsequently, G. Liiders
and W. Pauli derived more explicit proofs, and it is
sometimes known as the Liiders-Pauli theorem. The
proof is based on little more than the validity of spe-
cial relativity and local interactions of the fields. The
theorem is intrinsic in the structure of all the suc-
cessful field theories. See QUANTUM STATISTICS; REL-
ATIVITY; SPIN (QUANTUM MECHANICS).

Significance. CPT'assumed paramountimportance
in 1957, with the discovery that the weak interac-
tions were not invariant under the parity operation.
Almost immediately afterward, it was found that the
failure of P was attended by a compensating failure
of C invariance. Initially, it appeared that CP invari-
ance was preserved and, with the application of the
CPT theorem, invariance under time reversal. Then,
in 1964 an unmistakable violation of CP was discov-
ered in the system of neutral K mesons. See PARITY
(QUANTUM MECHANICS).

One question immediately posed by the failure of
parity and charge conjugation invariance is why, as
one example, the 7+ and 7~ mesons, which decay
through the weak interactions, have the same life-
time and the same mass. It turns out that the equal-
ity of particle-antiparticle masses and lifetimes is a
consequence of CPT invariance and not C invariance
alone. A casual proof can be obtained by applying
the CPT operation to a free particle. This results in

an antiparticle with precisely the same momentum
and total energy and therefore, from special relativ-
ity, the same rest mass as the original particle. This
obvious result can be generalized heuristically to in-
clude equality of lifetimes by including an imaginary
component in the mass.

Experimental tests. The validity of symmetry prin-
ciples such as the CPT theorem should not be as-
sumed beyond the limits of the experimental tests.
In that the CPT theorem predicts the equality of
particle-antiparticle properties such as mass, life-
time, and the magnitude of the magnetic moment,
measurements which compare these quantities con-
stitute tests of the theorem. For example, it is known
from studies of the neutral K-meson system that the
mass of the K is the same as the K° to within 1 partin
108, The magnitude of the magnetic moment of the
electron is known to be the same as the positron to
1 part in 10'°, The lifetime of the 7 and 7 ~ mesons
is the same to better than 0.1%, and so with the u™
and .~ mesons.

The discovery of CP violations in 1964 in the sys-
tem of neutral K mesons reopened the question of
CPT invariance. That system has been analyzed in
great detail, and it is known now that at least 90% of
the observed CP violation is compensated by a vio-
lation of time-reversal invariance. That is, not more
than 10% of the observed CP violation can be cred-
ited to a violation of CPT. These are all experimental
limits and do not in any way suggest a violation of
CPT.

The remarkable sensitivity of the K mesons to
possible departures from CPT invariance, as demon-
strated by the precision with which the masses of
the K° and K° are known to be the same, suggests
that this system is perhaps the best one for further
experimental tests of the validity of the CPT theo-
rem. See ELEMENTARY PARTICLE; MESON; SYMMETRY
LAWS (PHYSICS). Val L. Fitch

1
Crab

The name applied to arthropods in sections Anomura
and Brachyura of the reptantian suborder of the
order Decapoda, class Crustacea. The term crab is
also sometimes used for two species of sucking
lice (order Anoplura) which prey upon humans.
Pbthirus pubis is the crab louse which inhabits the
pubic region.

Section Anomura includes over 1400 species in
12 different families. Commonly called hermit, king,
sand, or mole crabs, the anomurans have lobsterlike
abdomens which bend beneath the cephalothorax in
crablike manner, setting them apart in a somewhat
ill-defined group (see illus.).

Section Brachyura encompasses the so-called true
crabs, with reduced abdomens folded snugly be-
neath the cephalothorax. More than 4500 species
making up 28 families have been grouped into
subsections. In addition to subsections Dromiacea,
Gymnopleura, and Oxystomata, the Hapalocarcini-
dea has one family of the same name containing three
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Crab Nebula

Representative species of an anomuran, the hermit crab.

genera of small crabs with elongated abdomens.
Young coral gall crab females settle on coral and
become enveloped by growing coral. Small open-
ings in the coral, maintained by the crab’s water cur-
rents, are large enough to permit passage of minia-
ture males (less than 0.08 in. or 2 mm long) and
larvae; the female is stuck there for life.

Subsection Brachygnatha is the largest group of
brachyurans and includes the most typical crabs.
It has 20 families encompassing over 3700 species
which occupy a variety of habitats, undergo different
types of development, and exhibit contrasting pat-
terns of behavior. Family Cancridae includes popular
edible species of the genus Cancer. The Portunidae
are the swimming crabs, most of which have paddle-
shaped modifications of the terminal segments of
their fifth pereopods. This structure, advantageous
in swimming, is disadvantageous to the blue crab,
Callinectes sapidus, in that the outline of the new ex-
oskeleton in the thin paddle allows identification of
premolt crabs. Such crabs, called “peelers,” are kept
in cypress wood floats until they molt, then sold as
soft-shelled delicacies; the meat of hard-shelled crabs
is also delectable. Blue crab fishing and marketing is
one of the largest of the shellfish industries on the
Atlantic coast of the United States.

Families Potomidae, Pseudothelphusidae, and Tri-
chodactylidae include freshwater species. These
crabs are unique in that, like crayfish, the hatch-
ing young resemble adults; there is no series of lar-
val stages culminating in metamorphosis. The only
other freshwater crabs are four species in the family
Grapsidae. These crabs hatch as zoeae which com-
plete their nonfeeding larval development rapidly,
using yolk retained from the eggs for nutrition. One
Jamaican species, Metapaulias depressus, lives in
water contained in bromeliad plants. Other grapsid
crabs are marine or semiterrestrial forms which in-
vade fresh waters but must undergo postembryonic
development in the sea.

The Gecarcinidae, or land crabs, live in humid,
tropical regions. Cardisoma and Gecarcinus may mi-
grate several kilometers from the sea to dig burrows
in moist areas. Although the land crabs retain gills,
portions of the moist inner surface of the branchial
chamber have become highly vascularized to allow
respiration in air. A female returns to the sea only to

release larvae as they hatch from the fertilized egg
mass she carries.

Most Pinnotheridae are tiny, therefore called pea
crabs, and live commensally with other organisms.
Different species live in the mantle cavities of oysters
or other mollusks, in polychaete tubes or burrows,
in branchial cavities of ascidians, in cloacas of sea
cucumbers, or in the burrows of other crustaceans.
After establishing a commensal habitat, many un-
dergo a molt, after which the exoskeleton remains
soft.

Other crabs commonly seen at the coast belong
to the family Xanthidae (the mud crabs) or the fam-
ily Ocypodidae. These are amphibious burrowers.
Uca spp. (Ocypodidae) are called fiddler crabs be-
cause males have one enlarged cheliped, the weight
of which may be equal that of the rest of the
animal. In different species, this claw is used to
beat the ground, creating vibrations to threaten,
or to wave, an activity which may be a part of
courtship. Ocypode, a ghost crab, does not have
an enlarged cheliped but makes a variety of sounds
by stridulation, rubbing the ridged inner surface of
the claw against a tubercle on the base of the same
cheliped.

Many of the other brachygnathans are marine and
inhabit deeper waters. The best known of these
are the Majidae, decorator or spider crabs. The
Japanese spider crab, Macrocheira kaempferi, can
have a span up to 11.9 ft (3.6 m) [body width
of 18 in. or 45 cm] between the tips of its che-
lipeds; it is the largest living crab. See ARTHRO-
PODA; CRUSTACEA; DECAPODA (CRUSTACEA); MERO-
STOMATA. Marilyn S. Kerr

1
Crab Nebula

The Crab Nebula is the remnant of a tremendous stel-
lar explosion witnessed by Chinese astronomers in
1054. The explosion, called a supernova, occurred
at a distance of about 2000 parsecs from the Earth
(1 parsec = 1.9 x 10" mi = 3.1 x 10® km =
3.26 light-years). Even so, it was bright enough to
be visible in the daytime sky for 3 weeks and in the
nighttime sky for 2 years. See SUPERNOVA.

Neutron star. The Crab now consists of three
components. At the heart of the nebula is what is
left of the core of the Crab’s giant stellar progenitor.
This neutron star has twice the mass of the Sun
concentrated into an object only about 20 km
(12 mi) across, giving it a density of 10° tons per
cubic centimeter. The neutron star is spinning at
30 times a second, whipping its powerful (10® tesla)
magnetic field around with it. Radiation formed in
this extreme environment is concentrated into two
intense beams directed away from the neutron star’s
two magnetic poles. As these beams sweep past the
direction of the Earth like the beam from a light-
house, the star appears to wink on and off, earning
it the name “pulsar.” The Crab pulsar has been seen
in all parts of the electromagnetic spectrum from
gamma rays through radio waves. See CERENKOV



RADIATION; GAMMA-RAY ASTRONOMY; NEUTRON
STAR; PULSAR; RADIO ASTRONOMY; X-RAY ASTRON-
OMY.

Synchrotron nebula. The Crab pulsar’s rotational
period is slowing by 34 nanoseconds a day, and
as it slows it loses 5 x 103! joules per second, or
100,000 times more power than is radiated away by
the Sun. Most of this energy is carried away from
the pulsar by a wind of electrons and positrons mov-
ing at close to the speed of light. The wind feeds a
vast cloud of highly relativistic particles about 3 par-
secs X 2 parsecs in size. This cloud is called the Crab
synchrotron nebula because, as the particles spiral
through the nebula’s 3-5 x 1078 tesla magnetic field,
they give off the sort of radiation emitted by a syn-
chrotron particle accelerator. The synchrotron neb-
ula is bright in x-rays and ultraviolet radiation as well
as the lower-energy visible and radio parts of the
spectrum. See SYNCHROTRON RADIATION.

Gaseous filaments. The third component of the
Crab is a complex of filaments made up of gas ejected
by the explosion itself. The filaments, which together
have a mass of about twice that of the Sun, are mov-
ing away from the site of the explosion at up to
around 1500 km/s (900 mi/s). This gas traps the syn-
chrotron “bubble.” The pressure of the synchrotron
bubble in turn pushes on and compresses the gas
into filaments, much like the droplets in an inverted
bottle of oil and vinegar salad dressing. Together the
mass of the neutron star and the mass of the filaments
add up to about four times that of the Sun, yet the
understanding of supernova explosions is that the
star which exploded must have had at least twice
this much mass. The remaining mass from the pro-
genitor may be distributed in a very diffuse cloud of
expanding ejecta surrounding the bright nebula (see
illus.).

The filaments are ionized by ultraviolet radiation
from the synchrotron nebula, causing them to glow
like the gas in a fluorescent light bulb. Virtually all
of the atoms in the universe that are more massive

Crab Nebula, the 900-year-old remnant of a cataclysmic
stellar explosion.

than helium (including the atoms of which humans
are made) were formed by nuclear reactions in the
interiors of stars and then ejected back into space.
Analysis of the light from the Crab filaments shows
that they are rich in these more massive elements,
the chemical legacy of the fusion furnace that pow-
ered the Crab’s progenitor until the moment of its
cataclysmic death. See ASTROPHYSICS, HIGH-ENERGY;
FLUORESCENCE; NUCLEOSYNTHESIS. Jeff Hester

]
Crabapple

A fruit, represented commercially by such varieties
as Martha, Hyslop, and Transcendent, comprising hy-
brids between Malus baccata (Siberian crabapple)
and M. domestica (cultivated apple).

Trees may grow to 40 ft (12 m) and are very hardy.
At one time the fruit of the crabapple was esteemed
because of its high pectin content and its usefulness
in jam and jelly manufacture. With the introduction
of commercial pectin preparations, demand for the
crabapple declined sharply. Except for its use as a
pickled product, there is little commercial interest
in this fruit. See PECTIN.

Twenty or more species of Oriental flowering
crabapples, some of which produce edible fruit of
indifferent quality, are listed. See APPLE; FRUIT; FRUIT,
TREE; ROSALES. Harold B. Tukey

1
Cracking

A process used in the petroleum industry to reduce
the molecular weight of hydrocarbons by breaking
molecular bonds. Cracking is carried out by thermal,
catalytic, or hydrocracking methods. Increasing de-
mand for gasoline and other middle distillates rela-
tive to demand for heavier fractions makes cracking
processes important in balancing the supply of petro-
leum products.

Thermal cracking depends on a free-radical mecha-
nism to cause scission of hydrocarbon carbon-carbon
bonds and a reduction in molecular size, with the for-
mation of olefins, paraffins, and some aromatics. Side
reactions such as radical saturation and polymeriza-
tion are controlled by regulating reaction conditions.
In catalytic cracking, carbonium ions are formed on
a catalyst surface, where bond scissions, isomeriza-
tions, hydrogen exchange, and so on, yield lower
olefins, isoparaffins, isoolefins, and aromatics. Hy-
drocracking, a relative newcomer to the industry,
is based on catalytic formation of hydrogen radicals
to break carbon-carbon bonds and saturate olefinic
bonds. Hydrocracking converts intermediate- and
high-boiling distillates to middle distillates, high in
paraffins and low in cyclics and olefins. Hydrocrack-
ing also causes hydrodealkylation of alkyl-aryl com-
ponents in heavy reformate to produce benzene and
naphthalene. See HYDROCRACKING.

Thermal cracking. This is a process in which
carbon-to-carbon bonds are severed by the action of
heat alone. It consists essentially in the heating of any

Cracking

23



24

Cracking

fraction of petroleum to a temperature at which sub-
stantial thermal decomposition takes place through
a thermal free-radical mechanism followed by cool-
ing, condensation, and physical separation of the re-
action products. See FREE RADICAL.

There are a number of refinery processes based
primarily upon the thermal cracking reaction. They
differ primarily in the intensity of the thermal condi-
tions and the feedstock handled.

Visbreaking is a mild thermal cracking operation
(850-950°F or 454-510°C) where only 20-25% of
the residuum feed is converted to mid-distillate and
lighter material. It is practiced to reduce the volume
of heavy residuum which must be blended with low-
grade fuel oils.

Thermal gas-oil or naphtha cracking is a more se-
vere thermal operation (950-1100°F or 510-593°C)
where 45% or more of the feed is converted to lower
molecular weight. Attempts to crack residua under
these conditions would coke the furnace tubes.

Steam cracking is an extremely severe thermal
cracking operation (1100-1400°F or 593-760°C) in
which steam is used as a diluent to achieve a very
low hydrocarbon partial pressure. Primary products
desired are olefins such as ethylene, propylene, and
butadiene.

Fluid coking is a thermal operation where the
residuum is converted fully to gas-oil products boil-
ing lower than 950°F (510°C) and coke. The thermal
conversion is carried out on the surface of a fluidized
bed of coke particles.

The fluid coking process has been extended to
include gasification of the product coke in a vessel
that is heat-integrated into the plant. Low-Btu gas
which can be desulfurized is produced rather than a
product coke stream.

Delayed coking is a thermal cracking operation
wherein a residuum is heated and sent to a coke
drum, where the liquid has an infinite residence time
to convert to lower-molecular-weight hydrocarbons
which distill out of the coke drum, and to coke which
remains in the drum and must be periodically re-
moved.

In fluid coking and delayed coking, there is total
conversion of the very heavy high-boiling end of the
residuum feed.

Although there are many variations of visbreaking
and thermal cracking, most commonly a feedstock
that boils at higher temperatures than gasoline is
pumped at inlet pressures of 75-1000 pounds per
square inch gage (0.52-6.9 megapascals) through
steel tubes so placed in a furnace as to allow gradual
heating of the coil to temperatures in the range 850-
1100°F (454-593°C). The flow rate is controlled to
provide sufficient time for the required cracking to
lighter products; the time may be extended by subse-
quently passing the hot products through a reaction
chamber that is maintained at a high temperature. To
achieve optimum process efficiency, part of the over-
head product ordinarily is returned to the cracking
unit for further cracking (Fig. 1).

Crude oils differ in their compositions, both in
molecular weight and molecular type of hydrocar-

bon. Since refiners must make products in harmony
with market demand, they often need to alter the
molecular structure of the hydrocarbons. The crack-
ing of heavy distillates and residual oils increases the
yields of gasoline and the light intermediate distil-
lates used primarily as domestic heating oils, as well
as providing low-molecular-weight olefins needed
for the manufacture of chemicals and polymers.

Beginning in 1912, thermal cracking proved for
many years to be eminently suitable for this pur-
pose. During the period 1920-1940, more efficient
automobile engines of higher compression ratios
were developed. These engines required higher-
octane-number gasolines, and thermal cracking op-
erations in the United States were expanded to meet
this need. Advantageously, thermal cracking reac-
tions produce olefins and aromatics, leading to gaso-
lines generally of higher octane number than those
obtained by simple distillation of the same crude oils.
The general nature of the hydrocarbon products and
the basic mechanism of thermal cracking is well de-
scribed by the free-radical theory of the pyrolysis of
hydrocarbons. See PYROLYSIS.

In the early 1930s, the petrochemical industry
began its growth. Olefinic gases from thermal crack-
ing operations, especially propylene and butylenes,
were used as the chief raw materials for the
production of aliphatic chemicals. Stimultaneously,
practical catalytic processes were invented for poly-
merizing propylene and butylenes to gasoline com-
ponents, and for dimerizing and hydrogenating
isobutylene to isooctane (2,2,4-trimethylpentane),
the prototype 100-octane fuel. Just prior to World
War II, the alkylation of light olefins with isoparaf-
fins to produce unusually high-octane gasoline com-
ponents was discovered and extensively applied for
military aviation use. These developments resulted
in intense engineering efforts to bring thermal crack-
ing to maximum efficiency, as exemplified by a num-
ber of commercial processes made available to the
industry.

Since World War II, thermal cracking has been
largely supplanted by catalytic cracking, both for the
manufacture of high-octane gasoline and as a source
of light olefins. It is, however, still used widely for
the mild cracking of heavy residues to reduce their
viscosities and for the final cracking of low-grade
residuum.
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Fig. 1. Thermal cracking unit.



Since carbon-to-hydrogen bonds are also severed
in the course of thermal cracking, two hydrogen
atoms can be removed from adjacent carbon atoms
in a saturated hydrocarbon, producing molecular hy-
drogen and an olefin. This reaction prevails in ethane
and propane cracking to yield ethylene and propy-
lene, respectively. Methane cracking is a unique case
wherein molecular hydrogen is obtained as a pri-
mary product and carbon as a coproduct. These
processes generally operate at low pressures and
high temperatures and in some cases utilize regenera-
tive heating chambers lined with firebrick, or equip-
ment through which preheated refractory pebbles
continuously flow. Such conditions also favor the
production of aromatics and diolefins from normally
liquid feedstocks and are applied commercially to
a limited extent despite relatively low yields of the
desired products.

Catalytic cracking. This is the major process used
throughout most of the world oil industry for the
production of high-octane quality gasoline by the
conversion of intermediate- and high-boiling petro-
leum distillates to lower-molecular-weight products.
Many aspects involve proprietary technology. In gen-
eral, oil heated to within the lower range of thermal
cracking temperatures (850-1025°F or 454-551°C)
reacts in the presence of an acidic inorganic cat-
alyst, typically a silica-alumina zeolite, under low
pressures (10-35 psig or 70-240 kilopascals). Gaso-
line of much higher octane number is obtained than
from thermal cracking, a principal reason for the
widespread adoption of catalytic cracking. All non-
volatile carbonaceous materials are deposited on the
catalyst as coke and are burned off during catalyst re-
generation. See ZEOLITE.

In contrast to thermal cracking, low-grade residual
oils are not generally processed, because excessive
amounts of coke are deposited on the catalyst, and
inorganic components of these oils contaminate the
catalyst. Preferential feedstocks are heavier-boiling
distillate gas oils. However, in recent years with cata-
lyst improvement, residual stocks can also be pro-
cessed. These stocks are generally good-quality resid-
uals in low concentration as they yield 2-3 barrels of
gas oil feed when processed in a full unit.

Many processes have become available to improve
catalytic cracking feedstocks. These include hydro-
genation, deasphalting (including the Rose process),
deep-vacuum distillation, and separations or low-
conversion processes such as the Art process. These
processes generally reject the poorer components
of the feed, such as Conradson carbon (a resid-
ual carbon), metallic contaminants, and possibly
heavy aromatics. Hydrogenation can upgrade feed-
stocks by saturation or aromatics, and remove met-
als to considerably improve catalytic cracker product
selectivity.

Catalytic cracking, as conceived by E. J. Houdry
in France, reached commercial status in 1936 after
extensive engineering development by American oil
companies. In its first form, the process used a series
of fixed beds of catalyst in large steel cases. Each of
these alternated between oil cracking and catalyst-

coke burning at intervals of about 10 min and pro-
vided for heat and temperature control.

Successful operation led to major engineering im-
provements, and the goals of much improved effi-
ciency, enlarged capacity, and ease of operation were
achieved by two different systems. One employs a
moving bed of small pellets or beads of catalyst trav-
eling continuously through the oil-cracking vessel
and subsequently through a regeneration kiln. The
beads are lifted mechanically or by air to the top of
the structure to flow down through the vessels again.
This process has two commercially engineered em-
bodiments, the Thermofor (or TCC) and the Houdri-
flow processes, which are similar in general process
arrangements.

These moving-bed processes are limited in size and
became technically obsolete. They generally have
been replaced by another type of unit, the fluid-
solids, as dictated by economic considerations, and
no new moving-bed units are being constructed.
In the fluid-solids unit, a finely divided powdered
catalyst is transported between oil-cracking and air-
regeneration vessels in a fluidized state by gaseous
streams in a continuous cycle. This system employs
the principle of balanced hydrostatic heads of flu-
idized catalyst between the two vessels. Catalyst is
moved by injecting heated oil vapors into the trans-
port line from the regenerator to the reactor, and by
injecting air into the transport line from the reactor
stripper to the regenerator. Large amounts of cata-
lyst can be moved rapidly; cracking units of total oil
intake as great as 180,000 bbl/day (28,800 m?/day)
are in operation (Fig. 2).

In both the moving-bed and fluidized systems, the
circulating catalyst provides the cracking heat. Coke
deposited on the catalyst during cracking is burned
at controlled air rates during regeneration; heat
of combustion is converted largely to sensible heat of
the catalyst, which supplies the endothermic heat of
cracking in the reaction vessel.
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Fig. 2. Fluid catalytic cracking unit.
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Gasoline of 90-95 research octane number with-
out tetraethyllead is rather uniformly produced by
catalytic cracking of fractions from a wide variety
of crude oils, compared with 65-80 research octane
number via thermal cracking, the latter figures vary-
ing with crude oil source. See OCTANE NUMBER.

Although the primary objective of catalytic crack-
ling is the production of maximum yields of gasoline
concordant with efficient operation of the process,
large amounts of normally gaseous hydrocarbons are
produced at the same time. The gaseous hydrocar-
bons include propylene and butylenes, which are in
great demand for chemical manufacture. Isobutane
and isopentane are also produced in large quantities
and are valuable for the alkylation of olefins, as well
as for directly blending into gasoline as high-octane
components.

The other chief product is the material boiling
above gasoline, designated as catalytically cracked
gas oil. It contains hydrocarbons relatively resistant
to further cracking, particularly polycyclic aromat-
ics. The ligher portion may be used directly or
blended with straight-run and thermally cracked dis-
tillates of the same boiling range for use as a diesel
oil component and heating oils. Part of the heavier
portion can be recycled with fresh feedstock to ob-
tain additional conversion to lighter products. The
remainder is withdrawn for blending with residual
oils to reduce the viscosity of heavy fuel, or else sub-
jected to a final step of thermal cracking.

Thus, the catalytic cracking process is used in re-
fineries to shift the production of products to match
swings in market demand. It can process a wide va-
riety of feeds to different product compositions. For
example, light gases, gasoline, or diesel oil can be em-
phasized by varying process conditions, feedstocks,
and boiling range of products (see table).

To account for the difference between the prod-
uct compositions obtained by catalytic and thermal
cracking, the mechanism of cracking over acidic cat-
alysts has been investigated intensively. In thermal
cracking, free radicals are reaction intermediates,
and the products are determined by their specific de-
composition patterns. In contrast, catalytic cracking
takes place through ionic intermediates, designated
as carbonium ions (positively charged free radicals)
generated at the catalyst surface. Although there is a
certain parallelism between the modes of cracking of
free radicals and carbonium ions, the latter undergo
rapid intramolecular rearrangement reactions prior
to cracking. This leads to more highly branched hy-

4
!

Fig. 3. Model of zeolite type Y.

drocarbon structures than those from thermal crack-
ing, and to important differences in the molecular
weight distribution of the cracked products. Fur-
thermore, the cracked products undergo much more
extensive secondary reactions with the catalyst. See
REACTIVE INTERMEDIATES.

The catalytic cracking mechanism also favors the
production of aromatics in the gasoline boiling
range; these reach quite high concentrations in the
higher-boiling portion. This characteristic, together
with the copious production of branched aliphatic
hydrocarbons especially in the lower-boiling por-
tion, is largely responsible for the high octane rating
of catalytically cracked gasoline.

Cracking catalysts must have two essential prop-
erties: (1) a chemical composition capable of main-
taining a high degree of acidity, preferably as readily
available hydrogen ions (protons); and (2) a physical
structure of high porosity so that these active sites
are available for cracking. Mechanical durability is
also necessary for industrial use.

Cracking catalysts are essentially silica-alumina
compositions. A dramatic improvement in catalytic
unit performance occurred with the switch from
acid-treated clays (montmorillonite or kaolinite) to
synthetic silica-aluminas. After 1960, a new group of
aluminosilicates, molecular sieve zeolites, were in-
troduced into the catalyst formulation. These crys-
talline materials (Fig. 3) have cracking activity 50
to 100 times the previous amorphous catalyst. They
permit cracking to greater conversion levels, pro-
ducing more gasoline, less coke, and less gas. See
ZEOLITE.

As the catalyst particles pass through the reactor
regenerator system every 3 to 15 min they are grad-
ually deactivated through loss of active surface area

Representative yield structures for three different processing objectives in catalytic cracking

Process variables Light gases Gasoline Light cycle oil
Feed Light gas oil Gas oil Gas oil
Reactor temperature, °F ("C) 990 (532) 950-990 (510-532) 890-900 (477-482)
Light gases, wt % 4.5 2.8 1.6
Propane/propylene, vol % 15 10.0 7.5
Butane/butylene, vol % 22 16.4 11.2
Gasoline, vol % 46 69.5 32.6
Catalytic diesel oil, vol % 18 10 43.6
Bottom, vol % 5 5 5




by the effect of heat and steam and through con-
tamination by the trace metallic components on the
feedstocks, mainly sodium and vanadium. The cata-
lyst particles also undergo mechanical attrition, and
fines are lost in the reactor and regenerator gases. To
compensate, fresh catalyst is added.

Cracking catalysts have evolved considerably since
the mid-1960s, when zeolite crystals were incorpo-
rated into the matrix. The sodium and hydrogen ions
in the crystals have been replaced with rare-earth el-
ements to provide thermal stability. Surface area of
the catalysts has been reduced to provide increased
resistance to contaminant metals (Ni and V) and to
reduce coke-make of the reaction.

With increased levels of metals on the catalysts,
processes have been developed to passivate the ef-
fect of the metals. One process involves addition of
antimony to the catalytic feedstock. Antimony thus
incorporated into the catalyst can reduce hydrogen
and carbon yield attributable to the metals.

The new zeolite catalysts have resulted in consid-
erable change in the process itself. The catalysts are
made more resistant to thermal degradation primar-
ily by the exchange of sodium and hydrogen ions
in the zeolite with rare-earth elements. Regenera-
tor temperatures can be safely raised to the 1350°F
(732°C) or greater level. The carbon on regenerated
catalyst is reduced to the 0.05 wt % level resulting in
improved gasoline yields. In addition, all the carbon
monoxide produced at lower generation tempera-
tures (10% concentration in the regenerator flue gas)
can be combusted in the regenerator if desired, mak-
ing for a more efficient recovery of combustion heat
and reduced atmospheric pollution. The effluent CO
concentration can be reduced to less than 0.05 vol %,
if desired.

Additives have been developed to improve the
efficiency of regeneration. Combustion promoters
can ensure complete combustion of the flue gas to
CO,; even at relatively low temperatures of 1250°F
(695°C). These promoters generally contain an el-
ement from the platinum group in extremely low
concentrations, the ppm range. They may be added
as separate powders or in admixtures with the cat-
alyst. Other additives are being produced which are
claimed to reduce sulfur oxides in the flue gas.

The high-activity zeolite catalyst has permitted
units to be designed with all riser cracking (Fig. 4),
wherein all the cracking reaction takes place in a rel-
atively dilute (less than 2 Ib/ft’ or 3.2 kg/m?) catalyst
suspension in a 2- or 5-s residence time. No dense-
bed (10-15 Ib/ft? or 16-24 kg/m?) cracking exists in
these units.

Many old units are being converted to riser crack-
ers, and virtually all new units feature riser crack-
ing. Some riser crackers are also provided with small
dense beds to achieve an optimum yield pattern.
Some have riser-type regenerators directed to im-
prove regenerator efficiency.

Over the years, there have been continued im-
provements to the process in many areas. Feeds avail-
able for processing have become much heavier, and
include stocks such as vacuum residua containing

contaminant metal up to 30-40 ppm. Many cata-
lyst formulations have been developed to increase
catalytic activity and to resist the high level of con-
taminant metals on the catalyst. Levels as high as
10,000 ppm of nickel and vanadium on catalyst have
been run commercially. Nickel, vanadium, and cop-
per catalyze detrimental competing dehydrogena-
tion reactions that produce coke and light gases
(hydrogen and methane). These heavier stocks have
produced larger amounts of coke which must be
burned in the regenerator, causing regenerator tem-
peratures to rise. Staged regeneration is reported
to permit temperatures as high as 1500°F (815°C),
since water of combustion is liberated in the lower-
temperature first stage, and thus hydrothermal deac-
tivation is not as much a factor in the second stage.
Additionally, facilities have been provided internally
and externally to the regenerator to remove excess
heat of combustion.

With more emphasis on environmental protec-
tion, complex facilities are provided to remove pol-
lutants from the effluent regeneration gases. Third-
stage cyclone collectors, electrostatic precipitators,
and scrubbers are used commercially to meet regu-
lations.

To conserve energy in the process, flue gas ex-
panders are used in the flue gas system to provide
more than enough energy to compress the regener-
ation air.

With the continuing emphasis on conservation
of petroleum resources, catalytic cracking assumed
a more important role. The heavier products from
a refinery could be replaced by coal-, shale-, or
tar-sand-derived products. This creates a need for
greater conversion of petroleum to gasoline, with

~———> product
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Fig. 4. Riser catalytic cracker in “pure” transfer-line
configuration.
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Cranberry

emphasis on catalytic cracking since it is the
cheapest major conversion process. See ALKYLA-
TION (PETROLEUM); AROMATIZATION; COAL LIQUE-
FACTION; FIRED HEATER; HETEROGENEOUS CATALY-
SIS; ISOMERIZATION; PETROLEUM PROCESSING AND
REFINING. Edward Luckenbach

Bibliography. G. D. Hobson, Modern Petroleum
Technology, 5th ed., 1983;]J. J. McKetta, Petro-
leum Processing Handbook, 1992; J. C. Speight, The
Chemistry and Technology of Petroleum, 3d ed., re-
vised, 1999.

1
Cranberry

The large-fruited American cranberry, Vaccinium
macrocarpon, a member of the heath family, Eri-
caceae, is a native plant of open, acid peat bogs
in northeastern North America. Selections from the
wild have been cultivated since the early nineteenth
century. It is an evergreen perennial vine producing
runners and upright branches with conspicuous ter-
minal flower buds (Fig. 1). See ERICALES.

Cultivation. A cranberry bog is made by removing
the vegetation on a maple, cedar, or brown-brush
swamp, draining it by cutting “shore,” “lateral,” and
“main” ditches, spreading 2 or 3 in. (5 or 8 cm) of
sand over the leveled peat, and inserting cuttings of
the selected variety of vines through the sand into
the peat. Rooting occurs readily within a month, but
3 or 4 years of growth and care are required before
the first commercial crop is produced.

Care includes frost protection in spring and fall,
now largely provided by solid-set, low-gallonage
sprinkler systems which effect protection much
quicker and with only a tenth of the water formerly
required with flood frost protection. Flooding is used
in winter to protect the cranberry vines, not from
cold but from desiccation when the root zone is
frozen. Early-season floods are used for drowning
pest insects.

Because well-tended cranberry bogs continue to
produce annual crops for a century or more without

Fig. 1. Cranberry uprights in full bloom.

replanting, a half-inch (1.3 cm) layer of sand is spread
every 3 or 4 years over the vines (by spreading on
winter ice when thick enough) to cover the accumu-
lating cranberry leaves on the soil surface where the
cranberry girdler insect would otherwise breed and
multiply.

Harvesting. Commercial cranberry growing is con-
fined to Massachusetts, New Jersey, Wisconsin,
‘Washington, and Oregon and to several provinces in
Canada. Only about 20% of the cranberries are sold
as fresh fruit, and most of these are dry-harvested by
machines. Most of the processing fruit is harvested
in flood waters, either by machines which pick and
deliver the fruit into towed plastic boats or by water
reels which detach the berries to float and be driven
by wind to shore where they are elevated into bulk
trucks. Berries for juice manufacture are usually vine-
ripened and deep-frozen for a month or more prior
to thawing and extraction. The older form of hand
harvest with wood-toothed scoops is now gone, the
scoops sometimes being used for ditch-edge picking.

Good-quality fresh cranberries can be stored for
several months, refrigerated, with very little loss to
decay. Good-quality cranberries can be kept in deep-
freeze storage for several years with only minor mois-
ture loss. Frozen berries on thawing are soft and
juicy, unlike the firm fresh berry, and must be uti-
lized promptly.

Cranberry bogs in full bloom in early July are a
sight to remember because they have 40,000,000
to 50,000,000 white or pink flowers per acre
(100,000,000 to 125,000,000 per hectare), each of
which must be visited by pollinating honeybees or
bumblebees to set the berries. The control of frost
and winter injury, the control of weeds, insects, and
diseases, and the development of more efficient har-
vest techniques have seen productivity rise. Supplies
of the fruit are ample to satisfy both domestic and ex-
port demand.

The special requirements of the cranberry plant
for low fertility, acid soil, and winter protection
make it a poor choice for home garden cultiva-
tion. Chester E. Cross

Diseases. Fruit rots are the most economically im-
portant diseases of cranberry. Eight species of fungi
cause almost all of the loss attributed to these dis-
eases.

Symptoms of all fruit rots are almost identical, and
include the development of a discolored spot on the
surface of the fruit; the spot enlarges rapidly until the
entire berry is affected (Fig. 2). Later the infected
berry shrivels into a raisinlike mummy.

Several factors influence the amount of fruit rot
that occurs. Higher temperatures during the grow-
ing season increase fungal activity and the level of
disease. High moisture levels also increase disease,
because spore release, spore germination, and pen-
etration of the host plant are all dependent on the
presence of adequate moisture. Bruising during har-
vest, sorting, or packing significantly increases the
amount of postharvest fruit rot.

Infection before harvest is common in the pro-
duction areas with warmer climates and higher rain-
fall. In such areas fungicide sprays, at midbloom and



Fig. 2. Symptoms of cranberry disease. (a) Early rot
symptoms on fruit; black specks in the affected area are the
fruiting bodies of the fungus. (b) Early symptoms of blotch
rot on fruit; all fungal fruit rots appear identical at this stage.

every 14 days until all blossoms have fallen, have
provided excellent control.

Practices that reduce fruit rots include rapid dry-
ing of the fruit, reducing fruit temperatures to 36-
40°F (2-4°C), and reducing the time the fruit remains
in storage. Dry harvest results in less disease than wet
harvest. See PLANT PATHOLOGY. John K. Springer

Bibliography. H. E Bergmann, Disorders of cranber-
ries, Yearbook of Agriculture, pp. 789-796, 1953;
E. G. Hall and K. J. Scott, Storage and Market Dis-
eases of Fruit, 1982.
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Cranial nerve

Any peripheral nerve which has its central nervous
system connection with the brain, as opposed to the
spinal cord, and reaches the brain through a hole

(foramen) in the skull. Nerve fibers are sensory if
they carry information from the periphery to the
brain, and motor if they carry information from the
brain to the periphery. Sensory fibers are classified as
somatic sensory if they come from the skin or muscle
sense organs, visceral sensory if they come from the
viscera, and special sensory if they come from spe-
cial sense organs such as the eye and ear. Motor fibers
are classified as somatic motor if they carry infor-
mation to somatic striated muscles; general visceral
motor if they carry information to glands, smooth
muscle, or cardiac muscle; and special visceral motor
if they carry information to visceral striated muscle.
A cranial nerve may have only one fiber type or sev-
eral; cranial nerves with several fiber types are called
mixed nerves.

In mammals, 12 pairs of cranial nerves, numbered I
through XII, are usually described (see table). How-
ever, mammals also have an anterior unnumbered
nerve, the terminal nerve. Many vertebrates also have
two pairs of lateral line nerves (unnumbered), and
lack discrete nerves XI and XII. See BRAIN; NERVOUS
SYSTEM (VERTEBRATE). Douglas B. Webster

1
Crank

In a mechanical linkage or mechanism, a link that
can turn about a center of rotation. The crank’s cen-
ter of rotation is in the pivot, usually the axis of a
crankshaft, that connects the crank to an adjacent
link. A crank is arranged for complete rotation (360°)
about its center; however, it may only oscillate or
have intermittent motion. A bell crank is frequently
used to change direction of motion in a linkage (see
illus.). See LINKAGE (MECHANISM).

In mechanisms where energy input fluctuates, it is

Crank
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Cranial nerves of vertebrates
Number Name Fiber types Peripheral origin or destination Vertebrates possessing this nerve
— Terminal Somatic sensory Anterior nasal epithelium Almost all
| Olfactory Special sensory Olfactory mucosa All
— Vomeronasal Special sensory Vomeronasal mucosa Almost all

I Optic Special sensory Retina of eye All

LI} Oculomotor Somatic motor Four extrinsic eye muscles All

\% Trochlear Somatic motor One extrinsic eye muscle All

\ Trigeminal Special visceral motor Muscles of mandibular arch derivative All

Somatic sensory Most of head All

\ Abducens Somatic motor One extrinsic eye muscle All
— Anterior lateral line Special sensory Lateral line organs of head Fish and larval amphibians

Vil Facial Special visceral motor Muscles of hyoid arch derivative All

General visceral motor Salivary glands All

Somatic sensory Small part of head All

Visceral sensory Anterior pharynx All

Special sensory Taste, anterior tongue All

Vil Vestibulocochlear Special sensory Inner ear All
Posterior lateral line Special sensory Lateral line organs of trunk Fish and larval amphibians

IX Glossopharyngeal Special visceral motor Muscles of third branchial arch All

General visceral motor Salivary gland All

Somatic sensory Skin near ear All

Visceral sensory Part of pharynx All

Special sensory Taste, posterior tongue All

X Vagus Special visceral motor Muscles of arches 416 All

General visceral motor Most viscera of entire trunk All

Visceral sensory Larynx and part of pharynx All

Special sensory Taste, pharynx All
Xl Spinal accessory Special visceral motor Some muscles of arches 4-6 Reptiles, birds, mammals
X Hypoglossal Somatic motor Muscles of tongue and anterior throat Reptiles, birds, mammals
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Craton

crank pin
/

crankshaft

crank

(a) (b)

Cranks (a) for changing radius of rotation, and (b) for
changing direction of translation.

sometimes useful to design a crank stoutly, as a form
of flywheel, so that considerable rotational energy
is stored in it, tending thereby to make the output
smoother inasmuch as the inertia of such a crank ab-
sorbs peak input and releases energy more smoothly
to output.

Input and output cranks of a four-bar linkage may
express in their relative angular placement a relation,
B = B(a), which is excellent in control operations
where electric current computers would be vulner-
able. See FOUR-BAR LINKAGE. Douglas P. Adams

1
Craton

A large, relatively stable portion of the Earth’s crust.
Although ocean basins originally were considered
low cratons, today the term applies only to con-
tinents. Continental (high) cratons are the broad
heartlands of continents with subdued topography,
encompassing the largest areas of most continents.
Cratons experience only broad (epeirogenic) warp-
ing and occasional faulting in contrast to the much
more structurally mobile or unstable zones of conti-
nents, which include mountain ranges, such as the
Himalaya, and rift zones, such as those of East Africa.
The terminology used today to express these con-
trasts was first proposed by the German geologist
L. Kober in 1921. Kratogen referred to stable con-
tinental platforms, and orogen to mountain or oro-
genic belts. Later authors shortened the former term
to kraton or craton. A complementary term, taphro-
gen, coined in the 1940s, encompasses the rift struc-
tures.

The present North American craton comprises
the low continental interior extending from
the young Rocky Mountains east to the older
Paleozoic Appalachian Mountains, and north to the
Paleozoic Franklin mountain belt along the Arctic
margin of Canada and Greenland. The Canadian
shield is merely that part of the craton where pre-
Paleozoic rocks are widely exposed today. In con-
trast, the remainder of the craton in the plains of
western Canada and most of the central United States
has little-deformed younger strata at the surface. Such
Phanerozoic strata must have covered most of the
shield in the past but have been eroded. Most conti-
nents have similar large Phanerozoic cratons—for ex-

ample, all of South America east of the Andes Moun-
tains; Australia west of the Great Dividing Range;
Siberia in northern Asia; Europe from the Baltic Sea
to the Ural Mountains; all of Africa except the north-
ern and southern edges (orogens) and East Africa
(rift valleys); India south of the Himalaya; and all
but the Pacific side of Antarctica (see illus.). China
and Southeast Asia are exceptional today because of
the ongoing collision of India with Asia, which has
caused intense fragmentation of former cratons there
by great, still-active faults. See CONTINENTS, EVOLU-
TION OF; EARTH CRUST.

The recognition of fundamental differences in
structural behavior between cratons and orogens
long preceded their formal classification. In the
1850s, J. Hall recognized a profound difference be-
tween Paleozoic strata in the lowland interior of
North America and the Appalachian Mountains. In
the mountains, such strata were 10 times thicker,
were much deformed, and were metamorphosed in
the eastern ranges. Not only were the equivalent
strata in the interior still nearly flat-lying and thin-
ner, but there were also subtle contrasts in lithol-
ogy. Hall postulated a simplistic cause-and-effect re-
lationship, with greater thickness of strata along the
eastern continental margin causing subsidence of the
crust, which in turn resulted in crumpling of those
same strata. In 1873 J. Dana proposed instead that
cooling of the earth had caused buckling of the mar-
gin between the continental and oceanic crust. The
Appalachian region was a downbuckled zone termed
a geosyncline, which could accommodate the thick
sediments. Eventually this zone could bend down-
ward no more and failed due to compression, which
caused the crumpling and elevation of the strata to
form the Appalachian Mountains. European geolo-
gists also were highlighting the structural contrast
between cratons (or forelands) and orogens. Soon
the theory of continental drift, proposed in 1910
by E Taylor and in 1912 by A. Wegener, presented
a new mechanism for explaining orogens as the re-
sult of the collision between two continental cratons
or between a craton and some smaller tectonic ele-
ment such as an island archipelago. This new expla-
nation eventually evolved into the modern theory of
plate tectonics. See CONTINENTAL DRIFT; CONTINEN-
TAL MARGIN; OROGENY; PLATE TECTONICS.

Today, cratons are believed to comprise bits of old
continental crust, which have had long and complex
histories involving the overprinting of many tectonic
events. Continents can be viewed as great collages of
tectonic elements amalgamated together at different
times and in different ways (see illus.). Therefore,
the delineation of both cratons and orogens has an
important temporal element: What is now a craton
may be made up of interlaced orogens of differing
ages, each of which may include bits of mangled
older cratons within them. For example, 1-billion-
year-old orogens may have been fused to or may
have cut across orogens of 2-billion-year age, which
in turn may surround a cratonic kernel more than
3 billion years old. Returning to the present, most
of the North American craton has been a relatively



Creep (materials)

World map showing Phanerozoic continental cratons (colored areas) of the last 500-600 million years. Each craton is an
amalgam of older tectonic elements, which include fragments of complexly interlaced pre-Phanerozoic cratons and orogens.
(After R. Dott and R. L. Batten, Evolution of the Earth, 8th ed., McGraw-Hill, 1988)

stable element for at least the past 600 million
years. Prior to that, the configuration among cra-
tons and orogens was very different, and only the
ghosts of some of the fragmentary components of
the present continent are discernible. Refined stud-
ies of seismic waves that have penetrated the Earth’s
deep interior indicate that beneath cratons there is
anomalous mantle with distinctive compositional or
thermal characteristics. Such roots imply a long-term
linkage between the evolution of early continental
crust and underlying mantle, which somehow con-
tributed to the survival of fragments of cratons older
than 2.5-3 billion years. Robert H. Dott, Jr.

Bibliography. R. Dott, Jr., James Hall’s discovery
of the craton, Geol. Soc. Amer. Cent. Spec. Pub.,
1:157-167, 1985; M. Kay, North American geosyn-
clines, Geol. Soc. America Mem., no. 48, 1951;
E. Suess, Das Antlitz der Erde, vol. 3, transl. by
H. Sollas, The Face of the Earth, Oxford, Clarendon,
1908.
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Creep (materials)

The time-dependent strain occurring when solids
are subjected to an applied stress. See STRESS AND
STRAIN.

Kinds of phenomena. Some of the different kinds
of creep phenomena that can be exhibited by ma-
terials are shown in the illustration. The strain
€ = AL/Ly, in which L, is the initial length of a body
and AL is its increase in length, is plotted against the
time ¢ for which it is subjected to an applied stress.
The most common kind of creep response is repre-
sented by the curve A. Following the loading strain
€y, the creep rate, as indicated by the slope of the

curve, is high but decreases as the material deforms
during the primary creep stage. At sufficiently large
strains, the material creeps at a constant rate. This
is called the secondary or steady-state creep stage.
Ordinarily this is the most important stage of creep
since the time to failure # is determined primarily
by the secondary creep rate &;. In the case of ten-
sion creep, the secondary creep stage is eventually
interrupted by the onset of tertiary creep, which is
characterized by internal fracturing of the material,
creep acceleration, and finally failure. The creep rate
is usually very temperature-dependent. At low tem-
peratures or applied stresses the time scale can be
thousands of years or longer. At high temperatures
the entire creep process can occur in a matter of
seconds. Another kind of creep response is shown
by curve B. This is the sort of strain-time behav-
ior observed when the applied stress is partially or

tertiary
creep

al___ o
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S

primary
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Typical creep curves for materials.
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Creeping flow

completely removed in the course of creep. This re-
sults in time-dependent or anelastic strain recovery.

Examples. Creep of materials often limits their use
in engineering structures. The centrifugal forces act-
ing on turbine blades cause them to extend by creep.
In nuclear reactors the metal tubes that contain the
fuel undergo creep in response to the pressures and
forces exerted on them. In these examples the oc-
currence of creep is brought about by the need to
operate these systems at the highest possible tem-
peratures. Creep also occurs in ordinary structures.
For example, when a bolt is tightened to fasten two
parts together, the tension stress in the bolt can be
quite high. Overalong period of time the bolt creeps,
with the result that the force holding the two parts to-
gether diminishes. Another example of stress relaxa-
tion caused by creep is found in prestressed concrete
beams, which are held in compression by steel rods
that extend through them. Creep and stress relaxa-
tion in the steel rods eventually leads to a reduction
of the compression force acting in the beam, and this
can result in failure. See PRESTRESSED CONCRETE.

There are many examples of creep that are not
related to high technology. The window panes in
very old homes or cathedrals are often thicker at
the bottom than they are at the top due to creep
under the force of gravity. Similarly, when a glacier
flows down the side of a mountain the ice undergoes
extensive creep deformation.

Mechanism. The mechanism of creep invariably in-
volves the sliding motion of atoms or molecules past
each other. In amorphous materials such as glasses,
almost any atom or molecule within the material is
free to slide past its neighbor in response to a shear
stress. In plastics, the long molecular chains can slide
past each other only to a limited extent. Such materi-
als typically show large anelastic creep effects (curve
B in the illustration).

For crystalline materials, creep deformation also
involves the sliding of atoms past each other, but
here the sliding can occur only within the cores of
crystal dislocations. Thus, creep of metals and ce-
ramics is usually governed by the motion of disloca-
tions. In addition to gliding along their slip planes,
the dislocations can climb out of their slip planes by
the absorption or emission of lattice vacancies. This
process is controlled by the rate at which lattice va-
cancies diffuse to or from climbing dislocations and
gives rise to the strong temperature dependence of
creep.

Materials with creep resistance. Understanding of
the mechanisms that control creep deformation
makes it possible to design materials with superior
creep resistance. When solute atoms are added to
metals, they are attracted to the strain fields of the
dislocations. There they inhibit dislocation motion
and in this way improve the creep resistance. Many
of the aluminum alloys used for aircraft structures
are strengthened in this way. The addition of second-
phase particles to alloys is another way to improve
the creep resistance. The most effective strength-
ening phases are oxides, carbides, or intermetallic
phases, because they are usually much stronger than

the host metal and therefore create strong obstacles
to dislocation motion. Materials containing finely dis-
persed, strong particles of a stable phase are usually
very creep-resistant. Nickel-based superalloys, used
in gas-turbine engines, derive their creep resistance
from these effects. See ALUMINUM ALLOYS; CRYS-
TAL DEFECTS; DIFFUSION; HIGH-TEMPERATURE MATE-
RIALS; METAL, MECHANICAL PROPERTIES OF; PLASTIC-
ITY; RHEOLOGY.
William D. Nix; Jeffery C. Gibeling; Kevin J. Hemker
Bibliography. M. E Ashby and L. M. Brown (eds.),
Perspectives in Creep Fracture, 1983; Z. P. Bazant
(ed.), Mathematical Modelling of Creep and Shrink-
age of Concrete, 1989; A. C. Cocks (ed.), Mechanics
of Creep Brittle Materials, 1991; H. E. Evans, Mech-
anisms of Creep Fracture, 1984; E R. Nabarro and
H. Filmer, Physics of Creep and Creep-Resistant Al-
loys, 1993; J. P. Poirier, Creep of Crystals, 1985; J. J.
Skrzypek, Plasticity and Creep: Theory, Examples,
and Problems, 1993; B. Wilshire, Introduction to
Creep, 1993.
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Creeping flow

Flow in which the Reynolds number is very small.
Fluid dynamics encompasses an intriguing array of
phenomenologically rich processes, from weather
prediction in the atmosphere to the swimming of
the tiniest microorganism in its natural environment.
A qualitative measure of the expected behavior in
a given fluid dynamics system is found from the
Reynolds number, Re = density - length - velocity/
viscosity. In the case where Re is very small (much
less than 1, usually), the inertia effects (momentum,
acceleration, and body forces) become negligible in
comparison to the viscous resistance. This situation
is described as creeping flow. See REYNOLDS NUM-
BER; VISCOSITY.

Creeping flows exist typically when the fluids in-
volved are very viscous (oil, syrup) or the length
scales involved are very small (swimming microor-
ganisms, microelectronic machines, flows in cracks
or pores, the transport of sediment or pollutants).
In many cases of creeping flow, it is possible to sig-
nificantly simplify the governing Navier-Stokes equa-
tions, which are highly nonlinear, by setting the
Reynolds number identically to zero. Under this sim-
plification, a set of equations is obtained called the
Stokes equations, which have the decided advantage
of being linear. As a result, it is possible to draw
upon the principle of linear superposition as well as
complex variable theory in search of mathematical
solutions. See COMPLEX NUMBERS AND COMPLEX
VARIABLES; LINEARITY; NAVIER-STOKES EQUATIONS;
SUPERPOSITION PRINCIPLE.

An example of one creeping flow solution is the
flow of a uniform velocity field u = (U, 0, 0) past
a stationary sphere of radius a. The Stokes stream
function v is given by Eq. (1), where (7, 6) are the
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(b)

Aquatic propulsion by (a) a mechanical fish and
(b) a swimming microorganism.

polar coordinates about the sphere and lines of con-
stant values of ¥ are stream lines for the flow. From
this solution, the drag D acting on this sphere can be
shown to be given by Eq. (2), where u is the fluid

D =6rpula (@)

viscosity. For small values of Re, inertial effects can
be incorporated through a small correction to this
drag formula, known as the Oseen correction. See
STREAM FUNCTION.

Another consequence of linearity is reversibility:
streamlines remain unchanged when the direction of
motion is reversed. This has profound implications
for aquatic animal propulsion in creeping flow. For
example, a mechanical “fish” that has a tail which
flaps back and forth (illus. @) may swim quite read-
ily in the bath tub, but will make no progress in a
very viscous fluid such as corn syrup. Since most
swimming microorganisms exist in a low-Reynolds-
number environment, they must adopt a non-time-
reversible motion, such as having a corkscrew-type
tail (illus. b). See FLUID FLOW; FLUID-FLOW PRINCI-
PLES; FLUID MECHANICS. Mary-Catherine Kropinski

Bibliography. S. W. Churchill, Viscous Flows: The
Practical Use of Theory, Butterworth, Stoneham,
MA, 1988; V. N. Constantinescu, Laminar Viscous
Flow, Springer-Verlag, New York, 1995; J. Happel
and H. Brenner, Low Reynolds Number Hydrody-
namics, Kluwer Academic, Dordrecht, The Nether-
lands, 1991; W. E. Langlois, Slow Viscous Flow,
Macmillan, New York, 1964.

1
Creodonta

An extinct order of mammals containing the dom-
inant carnivores in North America, Europe, Asia,
and Africa during much of the Cenozoic. Its mem-
bers roamed the Earth for more than 50 mil-
lion years, then became extinct less than 9 mil-
lion years ago. Creodonts were not part of the
order Carnivora, but they independently evolved car-
nivorous specializations in their teeth and limbs.
They ranged from tiny (Isobhyaenodon from Africa
was the size of a small weasel) to gigantic
(Hyainailouros from Europe and Asia was one

of the largest land-dwelling mammalian carnivores
ever). The wolflike genus Hyaenodon is probably
the most familiar creodont among the more than
180 known species. Most lived in North America
and Europe, but new species from Africa and
Asia are being described at an incredible rate. See
DENTITION.

There are two major families within Creodonta:
Hyaenodontidae and Oxyaenidae. Hyaenodontids
are the more diverse, with more than 140 known
species. They are first recognized from the mid-
Paleocene of eastern Asia. They had emigrated to
North America and Europe by the earliest Eocene.
Their greatest diversity was during the latest Eocene
and Oligocene, when more than 30 species of the
genus Hyaenodon (see illus.) were doglike preda-
tors, feeding on the variety of hoofed, plains-dwelling
mammals in North America, Asia, and Europe. The
dentition of Hyaenodon was catlike, and it has been
estimated that the diet of these animals was 70-
100% meat. Their bodies, however, were wolflike,
and they may have hunted in a manner more com-
mon to canids than felids. Early hyaenodontids were
more diverse: Prolimnocyon was an arboreal, genet-
like animal, Prototomus was a generalized, raccoon-
like creature, and Pterodon was large and bearlike.
Some hyaenodontids were carnivores (Prototomus),
others were probably omnivores (Masrasector),
some were insectivorous (Thereutherium), and
some may have been mollusk eaters (Teratodon and
Apterodon). The range of locomotory and dietary
adaptations in Hyaenodontidae was probably almost
as great as in Carnivora, although there were no fully
aquatic creodonts (Apterodon from Africa may have
been partially aquatic). The last hyaenodontid, Dis-
sopsalis, lived in southern Asia and eastern Africa
and became extinct only about 8 million years ago.
Oxyaenids were less diverse (only about 40 species
are known) and reached their peak in the latest Pa-
leocene and earliest Eocene. By the late Eocene,
the family had become completely extinct. While
oxyaenids were specialized, the range of niches
they occupied was not as great as hyaenodontids.
Many oxyaenids, such as Oxyaena and Dipsalidic-
tis, were like large wolverines, although the largest,
Sarkastodon from Mongolia, was almost bearlike.
There were a few saber-toothed oxyaenids, including
Apataelurus from the mid-Eocene of North America;
unfortunately, little is known about these.

The formal classification of Creodonta has
changed considerably, largely because the relation-
ships among the various creodont groups and other
placental mammals are still poorly understood. In the
1950s, the order included many mammalian groups
that are now considered part of Carnivora (true
carnivores), Lipotyphla (insectivores), or Ungulata
(hoofed mammals). Creodonts later formed the core
of the order Deltatheridia; however, that grouping
is no longer used, largely because the name-bearing
genus Deltatheridium is now known to be related to
marsupials. Improved knowledge about the relation-
ships of placental mammals has resulted in many for-
mer creodont families being moved to other orders
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so that only oxyaenids and hyaenodontids remain. It
is unclear how Hyaenodontidae and Oxyaenidae are
related to one another, and their grouping as Cre-
odonta may turn out to be unjustified.

It was long thought that the extinction of the
creodonts was caused by competition from better-
adapted members of the order Carnivora. However,
the timing of creodont evolution does not support
this theory. It appears that carnivores evolved before
creodonts, the former being first known from the ear-
liest Paleocene, while the latter first evolved in the
mid to late Paleocene. Creodonts and carnivores di-
versified side by side through the Eocene, apparently
playing different ecological roles. The persistence of
creodonts until the end of the Miocene (more than
50 million years of coexistence with Carnivora) also
belies the competitive scenario. Furthermore, stud-
ies of creodont adaptations do not support the long-
touted idea that they were inferior to contemporary
true carnivores. It is more likely that chance and
changing conditions, including the evolution and ex-
tinction of creodont prey species, explain their slow
demise. See CARNIVORA; MAMMALIA. P. David Polly

Bibliography. R. L. Carroll, Vertebrate Paleontol-
ogy and Evolution, 1988; J. Mellett, The Paleobiol-
ogy of North American Hyaenodon, Contrib. Vert.
Evol., 1:1-134, 1977; R. J. G. Savage and M. R. Long,
Mammal Evolution: An Illustrated Guide, 1986.

1
Cress

A prostrate hardy perennial crucifer of European ori-
gin belonging to the plant order Capparales. Water-
cress (Nasturtium officinale) is generally grown in
flooded soil beds and used for salads and garnish-
ing. Propagation is by seed or stem cuttings. High
soil moisture is necessary. Leafy stems are cut usu-
ally 180 days after planting. Virginia is an important
producing state.

Garden cress (Lepidium sativum) is a cool-season
annual crucifer of western Asian origin grown for its
flavorful leaves. Propagation is by seed, and leaves are
harvested approximately 2 months after planting.

Upland or spring cress (Barbarea verna) is a bi-
ennial crucifer of European origin, grown and har-
vested similarly to garden cress but of lesser com-
mercial importance. See CAPPARALES. H. John Carew

The creodont Hyaenodon. (After A. S. Romer, Vertebrate
Paleontology, 3d ed., University of Chicago Press, 1966)

1
Cretaceous

In geological time, the last period of the Mesozoic
Era, preceded by the Jurassic Period and followed by
the Tertiary Period. The rocks formed during Creta-
ceous time constitute the Cretaceous System. Omal-
ius d’Halloys first recognized the widespread chalks
of Europe as a stratigraphic unit. W. O. Conybeare
and W. Phillips (1822) formally established the pe-
riod, noting that whereas chalks were remarkably
widespread deposits at this time, the Cretaceous
System includes rocks of all sorts and its ultimate
basis for recognition must lie in its fossil remains.
See CHALK; FOSSIL; JURASSIC; ROCK AGE DETERMINA-
TION; STRATIGRAPHY; TERTIARY.

QUATERNARY
CENOZOIC TERTIARY

CRETACEOUS

MESOZOIC JURASSIC

TRIASSIC

PERMIAN

PENNSYLVANIAN

CARBONIFEROUS | - y551ssippian

PALEOZOIC DEVONIAN
SILURIAN

ORDOVICIAN

CAMBRIAN

PRECAMBRIAN

The parts of the Earth’s crust that date from Cre-
taceous time include three components: a large part
of the ocean floor, formed by lateral accretion; sedi-
ments and extrusive volcanic rocks that accumulated
in vertical succession on the ocean floor and on the
continents; and intrusive igneous rocks such as the
granitic batholiths that invaded the crust of the con-
tinents from below or melted it in situ. The sedimen-
tary accumulations contain, in fossils, the record of
Cretaceous life. The plutonic and volcanic rocks are
the chief source of radiometric data from which ac-
tual ages can be estimated, and suggest that the Cre-
taceous Period extended from 144 million years to
65 =+ 0.5 million years before present (Fig. 1).

Subdivisions and time markers. Changes in life,
by the development of new species and by the
loss of old, are not uniform but somewhat step-
like. Larger steps led to the recognition of pe-
riods such as the Cretaceous, while lesser steps
within the Cretaceous delineate 12 globally rec-
ognized subdivisions, or stages (Fig. 1). In marine
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Fig. 1. Stages of the Cretaceous Period, their estimated ages in years before present, and polarity chrons representing the
alternation between episodes of normal (black) and reversed (white) orientations of the Earth’s magnetic field. (After F. M.
Gradstein et al., in W. A. Berggren et al., eds., Geochronology, Time Scales and Global Stratigraphic Correlations, SEPM

Spec. Publ., no. 54, 1995)

sediments the appearance and disappearance of in-
dividual, widely distributed species allows further
time resolution by so-called zones. Initially these
zones were largely based on ammonites, a species-
rich and rapidly evolving, now extinct group of
cephalopods, closest to the squids and octopuses
but resembling the pearly nautilus in possession of
a coiled calcareous hydrostatic shell. Over 100 suc-
cessive ammonite zones have been recognized, but
due to the provinciality of some species and the rar-

ity of many, the dating of Cretaceous marine sedi-
ments now mainly devolves on microscopic fossils
of the calcareous plankton. The most important of
these are protozoans—the infusorial (tintinnid) cal-
pionellids and the sarcodine planktonic foraminifer-
ans. Their shells, in the range of 0.1-1 mm, occur-
ring by hundreds if not thousands in a handful of
chalk, have furnished about 38 pantropical zones.
Next in importance are the even tinier (0.01-mm) ar-
mor plates of “nanoplanktonic” coccolithophores—
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prymnesiophyte algae, best studied by electron mi-
croscopy. Thousands may be present in a pinch
of chalk, and 24 zones have been recognized. See
CEPHALOPODA; COCCOLITHOPHORIDA; FORAMINIFE-
RIDA; MARINE SEDIMENTS; MICROPALEONTOLOGY; PA-
LEONTOLOGY; PHYTOPLANKTON; PROTOZOA; ZOO-
PLANKTON.

The Earth’s magnetic field reversed about 60 times
during Cretaceous time, and the resulting polarity
chrons have been recorded in the remanent mag-
netism of many rock types (Fig. 1). The actual pro-
cess of reversal occurs in a few thousand years and
affects the entire Earth simultaneously, providing ge-
ologically instantaneous time signals by which the
continental and volcanic records can be linked to
marine sequences and their fossil zonation. Notewor-
thy here is the occurrence of a very long (32-million-
year) interval during which the field remained in nor-
mal polarity. See PALEOMAGNETISM.

Geography. During Cretaceous time the breakup
of Gondwana, the great late Paleozoic-Triassic su-
percontinent, became complete (Fig. 2). For pre-
Cretaceous time the positions of continents can be
roughly derived from the remanent magnetic vectors
in their rocks, which record the directions toward
and the distance to the poles. But for Cretaceous
and later times the positions may be more precisely
tracked by the “growth lines” of crustal plates, visible
in magnetic maps of the oceanic areas. As the Earth’s
magnetic field reversed, the continuous growth of
ocean floors along the mid-oceanic ridge system oc-
curred alternately in normal and in reversed po-
larity. Imprinted in the rocks, the remanent mag-
netism reinforces the present magnetic field above
the crust grown in normal polarity and diminishes

Key:

/ transforms

)( spreading centers

4/‘ subduction zones

Fig. 2. Late Cretaceous global tectonics, showing inferred
lithosphere plate configurations with spreading,
subduction, and transform boundaries; generalized
continental outlines are shown for reference. (After R. H.
Dott, Jr., and R. L. Batten, Evolution of the Earth, 3d ed.,
McGraw-Hill, 1988)

it over that grown in reversed fields.

Laurasia had already separated from Africa by the
development of Tethys and became split into North
America and Eurasia by the opening of the North
Atlantic (though tenuous land connections contin-
ued to exist in the far north). These new, deep
oceanic areas continued to grow in Cretaceous time.
India broke away from Australia and Australia from
Antarctica. South America tore away from Africa by
the development of the South Atlantic Ocean, while
India brushed past Madagascar on its way north to
collide with southeast Asia. As these new oceanic
areas grew, comparable areas of old ocean floor
plunged into the mantle in subduction zones such
as those that still ring the Pacific Ocean, marked by
deep oceanic trenches and by the development of
mountain belts and volcanism on adjacent continen-
tal margins (Fig. 3). See CONTINENTS, EVOLUTION OF;
PLATE TECTONICS; SUBDUCTION ZONES.

The face of the globe was also affected by changes
in sea level. Sea level at times in the early Cretaceous
stood at levels comparable to the present, but subse-
quently the continents were flooded with relatively
shallow seas to an extent probably not attained since
Ordovician-Silurian times. Maximal flooding, in the
Turonian Stage, inundated at least 40% of present
land area. Cretaceous seas covered most of west-
ern Europe, though old mountain belts such as the
Caledonides of Scandinavia and Scotland remained
dry and archipelagos began to emerge in the Alpine
belt. In America (Fig. 3), seas flooded the southeast-
ern flank of the Appalachian Mountains, extended
deep into what is now the Mississippi Valley, and ad-
vanced along the foredeep east of the rising Western
Cordillera to link at times the Gulf of Mexico with the
Arctic Ocean. In the far west, accretionary prisms of
subducted Cretaceous deep-water fans and oceanic
sediments, partly mixed with ophiolites in the Fran-
ciscan melange, became juxtaposed with forearc sed-
iments.

Large seas extended over parts of Asia, Africa,
South America, and Australia. The wide spread of
the chalk facies is essentially due to this deep inun-
dation of continents, combined with the trapping of
detrital sediments near their mountain-belt sources,
in deltas or in turbidite-fed deep-water fans such as
the classical Alpine Flysch. At the same time, carbon-
ate platforms were still widespread, and the para-
tropical dry belts were commonly associated with
evaporite deposits. See PALEOGEOGRAPHY; SALINE
EVAPORITES.

Tectonic and igneous activity. The North Amer-
ican plate, in the process of separating from
Europe, continued to have a western convergent
margin of growing mountains, and a southeastern
passive margin. Convergent or active margins such
as those surrounding the Pacific Ocean (then as now
a “ring of fire”) became intruded by great batholiths
of granitic composition, such as those of the British
Columbia Coast Range, the Sierra Nevada, the Penin-
sular Ranges of southern and Baja California, and the
great Andean batholiths. Above these there accumu-
lated superstructures of andesitic volcanics. Exotic
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lines of Cretaceous latitude.

island arc terranes riding on the Pacific plate but re-
sisting subduction came to be welded to this margin
of North America. The eastern margin of this Western
Cordillera overthrust and incorporated the margin of
the subsiding Western Interior Foredeep, presaging
development of the Rocky Mountains (Fig. 3). Pas-
sive continental margins, such as those bordering the
Atlantic, came to be sites of massive sediment accu-
mulations, the classical geosynclines of older litera-

ture, from which mountain systems have developed
locally as in the Caribbean or have yet to arise. See
GEOSYNCLINE.

Flood basalts of Cretaceous time include the early
Aptian outpourings of basalts on the mid-Pacific
floor, perhaps the largest on record. Early Cre-
taceous emplacement of the Rajmahal basalts of
India and Bangladesh was followed by the eruption
of the Deccan basalts of India, emplaced during the
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short magnetic interval (chron 29R) that includes
the Cretaceous/Tertiary (K-T) boundary. The begin-
nings of the “Brito-Arctic” basalts also go back to
Maastrichtian time.

Climate and oceans. In parts of early Cretaceous
time, ice extended to sea level in the polar regions,
as shown by glendonites, concretionary calcite
pseudomorphs of the cold-water mineral ikaite; and
in marine mudstones containing exotic pebbles,
dropstones melted out of icebergs. But during most
of Cretaceous time, climates were in the hothouse
or greenhouse mode, showing lower latitudinal tem-
perature gradients. Tropical climates may have been
much like present ones, and paratropical deserts ex-
isted as they do now, but terrestrial floras and faunas
suggest that nearly frost-free climates extended to
the polar circles as did abundant rainfall, and no ice
sheets appear to have reached sea level.

The cause for these climatic changes may be
sought in variations in the heat-retaining character
of the atmosphere (abundance of greenhouse gases
such as carbon dioxide or methane) or in oscillations
of solar luminosity. The hydrologic cycle appears to
have been intensified, with more heating and there-
fore more water evaporation in the tropics, leading
to massive transport of water vapor to the polar re-
gions warmed by its condensation.

With a mean temperature of about 38°F (3°C),
the present ocean lies 27°F (12°C) below the mean
surface temperature of the Earth. This refrigerator
is maintained by the sinking of cold waters in the
circumpolar regions. Temperatures calculated from
the oxygen isotope ratios in Cretaceous deep-water
foraminiferans yield values as high as 62°F (16°C),
and suggest an ocean much closer to mean sur-
face temperature. In this ocean circulation, visual-
ized long ago by T. C. Chamberlin, warm saline wa-
ters of the dry paratropics were the main source of
dense waters and sank to the bottom when only
moderately cooled. The implication is not only al-
tered current directions and deep-water tempera-
ture regimes but also a diminished oxygen supply to
the depths. This diminished oxygen is documented
by the widespread development of black shales, de-
posited on bottoms from which most or all scav-
engers were excluded by lack of oxygen. The re-
sulting excess burial of organic matter yielded an
abundance of petroleum source beds, reflected in
the large petroleum reserves in Jurassic and Creta-
ceous rocks. Occasional episodes of black shale de-
position, such as that of the Bonarelli event near the
end of the Cenomanian Stage, became circumglobal
and buried enough organic matter to alter the car-
bon isotope ratios in the entire ocean-atmosphere
system, but the circumstances of their origin remain
unknown. See OCEANOGRAPHY; OIL SHALE; PALEOCLI-
MATOLOGY; PETROLEUM RESERVES.

Life. A walk along a Cretaceous beach or a visit
to a surf-beaten cliff would have yielded many
snail and bivalve shells and sea urchins differing
from living ones only at the level of species. Yet
there are some notable differences. Two families
of bivalves rose to particular prominence in Cre-
taceous time. The inoceramids were a widespread

and diversified group that developed species 5 ft
(1.5 m) wide, the largest of all known clams, while
the rudistids came to resemble corals in form and
largely replaced corals as reef builders in Creta-
ceous time. Among cephalopods, ammonites were
prominent swimmers in Cretaceous seas, as were
belemnites—squids with a heavy calcareous skele-
ton. The calcareous microplankton had only in lat-
est Jurassic time reached an abundance sufficient to
produce widespread chalks, and in the Cretaceous
two major elements of this, the prymnesiophyte
coccolithophorids and the planktonic foraminifer-
ans, reach maximal species diversity. Bony fishes
evolved extensively in Cretaceous time, but promi-
nent among marine predators were reptiles, some of
them gigantic. Marine turtles have persisted, the dol-
phinlike ichthyosaurs died out in Turonian-Coniacian
time, while the massive, sea-lion-like plesiosaurs and
the lizard-derived mosasaurs lasted to the end of
the period. Flightless birds populated some of the
late Cretaceous seas. See BIVALVIA; GASTROPODA;
REPTILIA.

On land, flowering plants (angiosperms) first ap-
peared in early Cretaceous time, as opportunistic
plants in marginal settings, and then spread to the un-
derstory of woodlands, replacing cycads and ferns.
In late Cretaceous time, evergreen angiosperms, in-
cluding palms, thus came to dominate the tropi-
cal rainforests. Evergreen conifers maintained dom-
inance in the drier midlatitude settings, while in
the moist higher latitudes forests of broad-leaved
deciduous trees dominated. Grasslands, however,
were not developed until Tertiary time. Insects be-
came highly diverse, and many modern families have
their roots in the Cretaceous. Amphibians and small
reptiles were present. Larger land animals included
crocodiles and crocodilelike reptiles, turtles, and di-
nosaurs. Dinosaurs, derived from reptilian stock in
Triassic time, rose to become the largest land ani-
mals of all time. The very size of these animals im-
plies complex circulatory, digestive, and respiratory
systems unlike those of reptiles. Evidence for tem-
perature control is emerging, and it is speculated
that some dinosaurs were feathered. Thus, there is
growing support for classification of dinosaurs not
as a branch of the class Reptilia but as a separate
class. The mammals, another reptilian offshoot in
the Triassic, remained comparatively minor elements
in the Cretaceous faunas. In early Cretaceous time,
egg-laying and marsupial mammals were joined by
placentals, but Cretaceous mammals were in gen-
eral small, and lack of color vision in most mod-
ern mammalians suggests a nocturnal ancestry and
a furtive existence in a dinosaurian world. Birds had
arisen, from dinosaurs in Jurassic time, but their fos-
sil record from the Cretaceous is poor and largely
one of water birds. More common are the remains of
flying reptiles, the pterosaurs, which in Cretaceous
time reached a wingspan of 35 ft (11 m), the largest
known flying animals by far. See DINOSAURIA; MAM-
MALIA; MARSUPIALIA; PTEROSAURIA.

K/T boundary crisis. Most species of the inoce-
ramid and rudistid bivalves died out in a crisis within
the Maastrichtian Stage. Some millions of years later,



during the reversed magnetic interval known as
chron 29R, a collision with an asteroid or comet
showered the entire Earth with impact debris, pre-
served in many places as a thin “boundary clay”
enriched in the trace element iridium. This event
coincided with the great wave of extinctions—the
K/T crisis—which serve to bound the Cretaceous
(Kreide) Period against the Tertiary.

The Chicxulub crater is located at the northwest-
ern edge of what was then the Yucatan Carbon-
ate Platform and now the Yucatin Peninsula. Buried
under some thousands of feet of Tertiary limestone,
it forms a geophysical anomaly explored for oil by
a number of boreholes. With a diameter of 110 mi
(180 km) excluding possible peripheral rings, this
is the largest crater known from Phanerozoic time.
Like comparable craters on the Moon and Mars, it
has a central peak and peripheral ejecta blanket. It
is filled with partly melted impact debris (suevite)
derived from sediments and the underlying igneous-
metamorphic complex. Quartz grains with shock
lamellae confirm the impact origin, and abundant
glass yields the K/T boundary age of 65 + 0.5 mil-
lion years. The ejecta blanket, where exposed at the
surface in the Mexico-Belize border country 300 mi
(400 km) distant, consists mainly of middle to late
Cretaceous carbonates in blocks up to 10 ft (3 m),
mixed with carbonate lapilli and altered glass lumps.
Rare cobbles of limestone and chert were melted
and quenched. In surrounding regions, deeper-water
marls of latest Cretaceous and earliest Tertiary age are
separated by a few feet of unusual sediment: a thin
bed contains chips of limestone, blebs of glass gen-
erally altered to clay, and shocked quartz. In the Gulf
of Mexico region this is followed by cross-beds in-
terpreted as deposits of a “tidal wave” (tsunami) that
swept repeatedly across the Gulf. A centimeters-scale
layer of clay, extending around the world, contains
microscopic silicates, while electron microscopy re-
veals crystals of spinel with excessive degrees of
oxidation. Shocked quartz, abundant and relatively
coarse in America, becomes scarce and fine with dis-
tance.

The iridium content associated with the fallout im-
plies an impactor with a composition similar to that
of planetary interiors. The size, estimated at 6 mi
(10 km), implies an asteroid or a correspondingly
larger comet. Traveling at 16 mi/s (25 km/s), the
body would have struck with the explosive force of
10" tons of TNT. Quite aside from local and regional
devastation, global effects must have included earth-
quake shock many orders of magnitude greater than
any found in human history; associated land slips and
tidal waves; a dust blackout of sunlight that must have
taken many months to clear; a sharp drop in temper-
atures that would have brought frost to the tropics;
changes in atmospheric and water chemistry; and
disturbance of existing patterns of atmospheric and
oceanic circulation.

It is possible that earthquakes influenced volcanic
eruptions. The first flows of the Deccan basalts pre-
date polarity chron 29R and the impact, but the great
body of basalt poured out within that brief chron,
possibly emitting enough sulfur to add to the crisis.

Different biotic communities were affected to dif-
ferent degrees. The pelagic community, sensitive
to photosynthetic productivity, was severely struck,
with coccolithophores and planktonic foraminifer-
ans reduced to a few species, while ammonites,
belemnites, plesiosaurs, and mosasaurs were elim-
inated. Yet dinoflagellates, endowed with the capac-
ity to encyst under stress, suffered no great loss.
Benthic life was only moderately damaged beyond
the loss of species, excepting destruction of the reef
community. While North American trees underwent
far more extinction at the specific level than formerly
believed, land floras escaped with little damage, pre-
sumably because they were generally equipped to
handle stress by dormancy and seed survival. The
plant-fodder-dependent dinosaurs perished, as did
their predators and scavengers. The fresh-water com-
munity, buffered by ground water against tempera-
ture change and food-dependent mainly on terres-
trial detritus, was little affected. While a great many
individual organisms must have been killed by the
immediate effects of the impact, the loss of species
and higher taxa must have occurred on land and in
shallowest waters mainly in the aftermath of dark-
ness, chill, and starvation, and in the deeper waters
in response to changed regimes in currents, temper-
atures, and nutrition.

The Cretaceous crash led above all to an evolu-
tionary outburst of the mammals, which in the suc-
ceeding tens of millions of years not only filled and
multiplied the niches left by dinosaurs but also in-
vaded the seas, to become successors to plesiosaurs
and mosasaurs. Humans, among others, owe their ex-
istence to that devastating event of 65 million years
ago. Alfred G. Fischer

Bibliography. W. Alvarez et al. (eds.), Geochronol-
ogy, Time Scales and Global Stratigraphic Correla-
tion, SEPM Spec. Publ,, no. 54, 1995; R. H. Dott, Jr.,
and D. R. Prothero, Evolution of the Earth, 1992;
L. A. Frakes, J. E. Francis, and J. I. Syktus, Climatic
Modes of the Phanerozoic, 1992; ]J. L. Powell, Night
Comes to the Cretaceous, 1998.

1
Criminalistics

Criminalistics is the science and profession dealing
with the recognition, collection, identification, in-
dividualization, and interpretation of physical evi-
dence, and the application of the natural sciences to
law-science matters. The term originated from the
book Handbuch fiir Untersuchungsrichter als Sys-
tem der Kriminalistik (3d ed., 1898) by Hans Gross,
an investigating magistrate and professor of crim-
inology at the University of Prague. He described
the need for a scientifically trained investigator who
could undertake certain technical aspects of an in-
vestigation and could also serve as liaison between
scientific specialists who might assist in the investi-
gation of criminal activity. This concept was popular
in Europe, where a number of forensic science in-
stitutes were developed to apply the tools and tech-
niques of the natural sciences to the investigation
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of crime and, generally, in official governmental in-
quiries.

In the United States and the United Kingdom, with
legal systems fundamentally different from those
of Europe, the criminalistics profession has devel-
oped in a different fashion. Criminalistics laborato-
ries were established in a few police departments
in the early decades of the twentieth century (in
Chicago, Los Angeles, and New York) and in the
Federal Bureau of Investigation (FBD). In the 1970s
an infusion of money from the federal government
resulted in the formation of numerous laboratories
associated with state and local law enforcement
agencies.

The majority of criminalists work in laborato-
ries associated with governmental agencies charged
with enforcing local, state, or federal laws or regula-

tions. However, a number of criminalists engage in
private practice or are employed by academic insti-
tutions.

Education. Criminalists require a broad education
in the natural sciences, including inorganic, organic,
and analytical chemistry; physics; mathematics and
statistics; and biology and biochemistry. In addi-
tion, curricula in criminalistics or forensic science
leading to bachelor’s or master’s degrees include
courses dealing with specific types of commonly en-
countered evidence materials (such as dried biolog-
ical fluid stains, impression evidence, or trace evi-
dence), with specific analytical procedures (such as
microscopy or instrumental analysis), and with ap-
plicable legal issues.

As a consequence of the small number of graduates
with degrees in criminalistics or forensic science,
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Fig. 1. Capillary electropherogram of DNA isolated from biological evidence. DNA, isolated from biological material such as
blood, semen, hair, or tissue, can be compared with DNA obtained from suspects or victims of crimes. The polymerase chain

reaction (PCR) is used to increase minute amounts of DNA isolated from evidenciary specimens. Analysis by capillary
electrophoresis, or other techniques, allows the criminalist to determine, with a very high degree of certainty, that the
evidenciary sample is or is not from a particular individual. (Forensic Science Associates)



many criminalists have undergraduate or graduate
degrees in scientific disciplines such as chemistry,
biochemistry, genetics, or biology, and have chosen a
career in criminalistics after completing their educa-
tion. A wide variety of in-service training is available,
including training through the FBI, the California
Department of Justice (through the California Crim-
inalistics Institute), and various professional associa-
tions.

Specialists. It is not possible for a single person to
become proficient in the examination and analysis
of all types of physical evidence. Increasingly, crimi-
nalists and other workers in forensic science labora-
tories are specializing in the examination of one or a
few types of physical evidence.

Forensic biologists. Forensic biology is the analysis
of the biological or genetic properties of evidence.
Criminalists specializing in forensic biology are
involved in the identification of biological evidence
and attempts to determine its source. Traditional
methods for the analysis of blood group antigens and
genetically variant proteins present in blood, semen,
and other biological materials have given way to the
analysis of DNA (deoxyribonucleic acid) which can
be recovered from such materials. (Fig. 1). The abil-
ity to identify the individual from whom a blood or
semen sample has come has revolutionized the sci-
ence of criminalistics. See DEOXYRIBONUCLEIC ACID
(DNA); FORENSIC MEDICINE.

Trace evidence analysts. These specialists analyze ma-
terial that is transferred between two objects which
come into contact (Fig. 2). The Locard exchange
principle, credited to the French criminalist Edmond
Locard, states that whenever two objects come
into contact, portions (or traces) of one object will
be transferred to the other. Finding these traces,
identifying what they are, and determining their ori-
gin through the process of individualization (deter-

Fig. 2. Fiber photomicrographs. Trace evidence such as
fibers, hairs, soil, glass, paint, or botanical material may be
transferred between two objects which come into contact.
A variety of analytical techniques, including polarized light
microscopy, fluorescence microscopy, infrared spectros-
copy, scanning electron microscopy, energy-dispersive
x-ray spectroscopy, and microspectrophotometry are used
for the analysis of such materials. The finding of material
from one object on another object provides evidence that
the two objects were in contact. (Forensic Science
Associates)

mination of the parameters of a sample which will
allow it to be distinguished from other or all simi-
lar items) is the job of the trace evidence analyst.
This analysis is based on the chemical or physical
properties of the material. Use of the optical micro-
scope and the electron microscope and highly sen-
sitive methods of chemical analysis (such as Fourier
transform infrared spectroscopy, energy dispersive
x-ray analysis, mass spectroscopy, and neutron acti-
vation analysis) are typically used by trace evidence
specialists. See MASS SPECTROSCOPE; SCANNING ELEC-
TRON MICROSCOPE; SPECTROSCOPY; X-RAY FLUORES-
CENCE ANALYSIS.

Firearms and toolmark examiners. These specialists ex-
amine firearms, ammunition components, and tools
and marks left by them. The underlying principle is
that when a tool acts on some object it will leave a
mark which is unique due to the configuration of the
cutting edge. The uniqueness of each tool is a result
of manufacturing processes and postmanufacturing
wear and damage. The tool may be a screwdriver
which was used to pry open a door or window, or
a gun barrel which produced distinctive markings
on a fired bullet. The firearms and toolmark special-
ist will compare the marks on a recovered bullet or
a toolmark on a window with guns or tools recov-
ered during the investigation. It is often possible to
conclude that a recovered bullet was fired from a
particular firearm or that a mark on a window was
made by a particular screwdriver.

Other evidence specialists. At a crime scene, physi-
cal evidence is routinely encountered (for example,
shoe or tire impressions, gunpowder residues on the
body or clothing of victims or perpetrators in shoot-
ings, fragments of bombs or destructive devices re-
covered from scenes of sabotage, or pieces of botan-
ical material). There are people who specialize in
some of these areas, but often a criminalist is called
upon to develop a method for examination of unique
evidence, or to consult with a scientist from an in-
dustrial or academic laboratory with expertise in an
unusual field (such as forensic anthropology).

Criminalists are often involved in the analysis
of suspected illegal drugs and narcotics, the ex-
amination of questioned documents, or fingerprint
identification. Although they are familiar with the
techniques used for the examination of these types of
evidence, the examinations are usually performed by
specialists. See FINGERPRINT; FORENSIC CHEMISTRY;
FORENSIC TOXICOLOGY.

Analytical techniques. A wide variety of techniques
are used by criminalists for the location and collec-
tion of evidence at crime scenes as well as for the
examination and analysis of that evidence in the lab-
oratory. Crime scene techniques may involve the use
of lasers or other light sources to locate biological
stains or minute fibers or paint particles, chemical
tests for lead around suspected bullet holes, electro-
static devices to recover a dusty shoe sole impression
from a floor, or special reagents for the development
of latent fingerprints.

Many techniques used in the forensic labora-
tory are the same ones that are used by analytical

Criminalistics
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chemists, molecular biologists, materials scientists,
and so on. Often these techniques are adapted to the
special requirements of the forensic science labora-
tory. Infrared spectroscopy, mass spectrometry, gas
chromatography, optical and electron microscopy,
and a host of other standard analytical chemistry
techniques find common use by criminalists. See GAS
CHROMATOGRAPHY.

Routine techniques and procedures have been de-
veloped by forensic scientists which have little or
no application outside the forensic laboratory. Ex-
amples are the determination of genetic markers in
minute fragments of dried biological material, the
determination of the refractive index of microscopic
glass fragments, the microscopic comparison of indi-
vidual human hairs, and the microscopic comparison
of markings on the surface of bullets. Peter D. Barnett
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1
Crinoidea

A class of exclusively suspension-feeding echino-
derms with long, slender arms arranged radially
around the calyx, a rigid cuplike structure composed
of calcareous plates. The radial arm arrangement
gives crinoids a flowerlike appearance (Fig. 1). Two
basic adult body types are recognized: the sea lilies,
with a long, anchored stem vertically supporting the
calyx and arms above the sea bottom; and the stem-
less featherstars, or comatulids, with a whorl of flex-
ible appendages on the calyx. Crinoids have a world-
wide distribution and can be found in all seas except
the Black and Baltic. They occupy depths ranging
from just below sea level to a depth of over 9000 m
(29,500 ft). Sea lilies are found only at depths greater
than 100 m (330 ft), whereas comatulids are most
abundant and diverse in shallow, tropical coral reef
environments. See BLASTOIDEA; PELMATOZOA.

Over 500 species of living comatulids have been
described, and many of these can be extremely abun-
dant locally, yet fewer than 100 species of living sea
lilies are known. These patterns contrast starkly with
the fossil record of crinoids, which is dominated by
stemmed crinoids: of the more than 5000 described
fossil species, more than 90% have stems.

Living crinoids have no economic importance and
are not used for food by humans. However, their
fossil remains are often the dominant constituent of
building limestone (for example, Indiana limestone)
which is highly valued.

current
direction
—

Fig. 1. Stemmed crinoid in feeding posture.

Morphology. Adult crinoids range in size from a few
centimeters for some of the stemless forms to several
meters from base of the stem to tip of the arms for
the largest stemmed crinoids. They also vary in color
from the largely bland whites and grays of the deep-
water forms to the brilliant reds, yellows, and purples
of the shallow-water tropical featherstars. In spite
of the size range, color differences, and stemmed
or stemless condition as adults, all crinoids share a
suite of morphological traits that can be traced back
to the Ordovician age, nearly 500 million years ago.
See ORDOVICIAN.

As in other echinoderms, the crinoid skeleton is
composed of many calcareous plates, often number-
ing in the thousands. Each plate is an intricate mesh-
work of interconnected microscopic rods and bars
of calcium carbonate. The skeletal plates are joined
to each other by fibers of connective tissues that
penetrate and attach to the array of rods and bars.
Plates can be bound to adjacent plates by ligaments,
muscles, or both, and the strength and flexibility of
each articulation is determined largely by the type
and arrangement of the soft tissues.

The calyx consists of tightly sutured plates ar-
ranged in circlets of five with arm plates articulated
to the uppermost circlet (Fig. 2). A flat to dome-
like structure, called the tegmen, forms a lid over
the cuplike calyx. The tegmen may be armored with
calcareous plates or, as in most living crinoids, may
consist only of a leathery skin.

The arms are constructed of one or two series of
plates; in arms consisting of two series of plates,
adjacent plates interdigitate with each other. Each
of the five arms may remain undivided, or may
branch one or numerous times producing as many
as 200 branches. Arm plates may bear short, lateral



branches, called pinnules, composed of serially ar-
ranged plates (Fig. 3).

As juveniles, all crinoids possess a stem. However,
comatulids lose the stem early in ontogeny, such that
in adults the lowest plate of the calyx bears only cirri,
a set of long, slender articulated appendages with a
clawlike terminal element used for grasping the sub-
strate. In adult sea lilies, the stem is retained. One
end of the stem articulates to the base of the calyx,
and the opposite end anchors the animal to the bot-
tom. The stem is composed of flat, disklike plates,
called columnals, that are circular to pentagonal in
outline, perforated at the center, and stacked plate on
plate. Ligament fibers connect adjacent columnals.
The anchoring end of the stem may consist of a root-
like structure that penetrates soft bottom sediments
or that cements the stem to a hard substrate, or,
most commonly, a set of grasping cirri. In extant sea
lilies with cirri, called isocrinids, these appendages
are arranged in whorls of five that are regularly
spaced along the entire length of the stem. See ON-
TOGENY.

Crinoid viscera are contained in the coelom that
forms the body cavity in the calyx and also extends
into the arms, pinnules, stem, and cirri. The digestive
system consists of a U-shaped gut with its terminal
ends, the mouth and anus, penetrating the tegmen.
A water vascular system, consisting of an array of
fluid-filled canals in the calyx and all appendages,
performs many functions associated with feeding
and respiration. Its slender movable podia-like struc-
tures, called tube feet, extend along the arms and
pinnules; they are sites of respiratory gas exchange
and the primary food capturing organs.

Ecology and function. Crinoids are exclusively pas-
sive suspension feeders, extracting food particles
from the ambient water. Food capture occurs when
a microscopic particle carried by the current strikes
and adheres to a mucus-coated tube foot extended
from the pinnule (Fig. 4). Subsequently, the tube
foot deposits the particle into the food groove that
lines the oral side of pinnules and arms. In the food
groove, other tube feet and ciliary currents transport
the particle toward the mouth.

Crinoids are indiscriminate feeders, and the tube
feet capture organic and inorganic particles with
a median size of about 50 micrometers and rarely
larger than 500 um. The organic food component
consists primarily of phytoplankton, protozoa, and
crustacea.

Crinoid morphology and behavior strongly reflect
their total reliance on water movement for nutrient
supply. Crinoids avoid slack-water environments, liv-
ing in areas dominated by currents, wave action, or
multidirectional flows. Comatulids typically occupy
exposed sites on reef crests, and in deep water they
are often perched on corals, sponges, and sea lily
stems, away from the lower velocities characterizing
the boundary layer. However, some live semicryp-
tically within the reef infrastructure. Sea lilies are
found in areas dominated by currents, even in ocean
depths.

Among comatulids, tube-foot morphology and

Crinoidea

tube foot
\

aboral
nerve ring
— columnal Lem

Fig. 2. Calyx and proximal stem and arm morphology, vertical section.

ligaments

Fig. 3. Arm morphology, back (aboral) view.

spacing along pinnules varies in relation to flow ve-
locities: species with longer, more widely spaced
tube feet live in environments with lower velocities,
and those with shorter, more closely spaced tube feet
occupy exposed sites with higher velocities. Crinoid
feeding postures vary depending on flow velocities
and flow patterns. When exposed to unidirectional
currents, crinoid arms, pinnules, and tube feet are
aligned into a nearly planar array oriented perpen-
dicular to flow. To avoid having the ambient current
directly impinge on food grooves in which particles
are transported toward the mouth, crinoids arrange
all their arms with the food groove, oral side facing
downstream and the opposite, aboral side facing up-
stream.

Under oscillating water movements produced by
wave action, arms are arranged in a bidirectional fan
with half the arms facing one direction and the oth-
ers facing in the opposite direction. The downstream
orientation of the pinnular food groove is often main-
tained by the weathervanelike swiveling of pinnules
with their extended tube feet.

Semicryptic comatulids living within the reef
infrastructure experience multidirectional flows.
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Fig. 4. Arm morphology, side view.

These crinoids do not form planar fans with their
arms, but extend their arms into three-dimensional
bushlike structures. Pinnules are held in two or three
planes along each arm, and swiveling of pinnules oc-
curs in response to changes in current direction.

The coordination and flexibility required for
achieving the appropriate feeding posture is attained
with the complex nervous system and the ligamen-
tary and muscular arm articulations. Arm movements
are generated by muscles and viscoelastic ligaments
acting antagonistically across a fulcrum that lies
between two adjoining arm plates. In comatulids,
arm movement can be highly coordinated and rapid,
allowing crawling and, in some, short bursts of swim-
ming. Crawling also has been observed among the
dominant group of living stemmed crinoids, the
isocrinids, which can move slowly along the bottom
by pulling with their arms and dragging their stem
behind.

Some comatulids are nocturnal and use their
crawling abilities to move between reef crevices and
exposed sites on the reef that they occupy at night.
In general, crawling allows crinoids to move to better
feeding microhabitats and to avoid disturbance.

Crinoid ligaments can undergo rapid and re-
versible changes in stiffness, a property that is im-
portant to crinoid function and behavior. In their
compliant state, ligaments allow movement of body
parts with a minimum amount of muscular force. In
their stiff state, ligaments can withstand high exter-
nal forces, such as those due to current drag, with lit-
tle deformation, allowing crinoids to maintain stable
feeding postures. Through the rapid loss of stiffness
and strength, ligaments can irreversibly disintegrate,
allowing the animal to shed body parts. The shed-
ding of body parts, called autotomy, can occur in
response to external physicochemical stimuli, such

as rapid temperature changes or predatory attacks.

Several interactions between crinoids and other
animals are known to occur in the modern seas. The
most common are parasitic and commensal associ-
ations between polychaete worms (Myzostomida),
small snails (Eulimidae, Styliferidae), and crustaceans
(Ascothoracida) that infest crinoids. These parasites
can feed from the ambulacral grooves or the tegmen
and can induce malformations such as cysts. Cling-
fishes (Gobiesocidae) are also known to feed on co-
matulid pinnules and on worms and copepods asso-
ciated with crinoids.

Geologic history. Crinoids have a long and rich fos-
sil record, and at times in Earth history they were nu-
merically one of the dominant members of the ben-
thic marine ecosystem. The first undisputed crinoids
were found in rocks of the Ordovician Period, al-
though an enigmatic fossil, Echmatocrinus, of Mid-
dle Cambrian age has been described as a crinoid.
Crinoid diversity waxed and waned throughout the
roughly 250 million years of the Paleozoic. The Mis-
sissippian Period, known as the Age of Crinoids,
represents the peak in their abundance and diver-
sity. Thick, extensive deposits consisting almost ex-
clusively of crinoid remains, called encrinites or
criquinites, are especially common in the Mississip-
pian rock record, when crinoid diversity reached
its peak of over 100 genera. Crinoids remained an im-
portant component of marine communities until the
Permo-Triassic extinction event that signaled the end
of the Paleozoic Era. This event led to a great reduc-
tion in crinoid diversity. A single genus, Holocrinus,
found in Lower Triassic rocks, is the most primitive
member of the Articulata, a subclass that includes
all post-Paleozoic crinoids. See CAMBRIAN; MISSISSIP-
PIAN; PALEOZOIC; TRIASSIC.

Crinoids rediversified rapidly, and by the Late Tri-
assic their range of morphologies and ecologies was
as high as at any time in the Paleozoic, although the
number of Mesozoic or Cenozoic genera never ap-
proached that of the Mississippian. The Mesozoic
also represents an interval during which several lin-
eages lost the stem. Some of these lineages became
planktonic or pseudoplanktonic, while the comat-
ulids, which first appeared in the latest Triassic,
achieved a great level of vagility but remained in
the benthos. Overall, levels of vagility not known in
the Paleozoic characterize post-Paleozoic crinoids, a
consequence of the highly muscularized arms and
stem-shedding abilities of the latter group.

After the Mesozoic, crinoids became a much
less common and less diverse part of the fos-
sil record. Cenozoic rocks contain only bottom-
dwelling crinoids, with the stemless comatulids and
the cirri-bearing isocrinids most common. Whereas
stemmed crinoids had been an important element of
shallow-water environments throughout the Paleo-
zoic and Mesozoic, they became restricted to bathyal
and abyssal depths during the Cenozoic, which is
still true today. The timing of the displacement of
stemmed crinoids into deeper waters during the
Cenozoic was coincident with the diversification of
shell-crushing fishes. Today significant fish predation



on crinoids does not occur. The disappearance of
stemmed crinoids from shallow water environments
and the success there of the stemless comatulids that
are highly mobile, often semicryptic, and possess
certain other antipredatory features, argue for fish
predation as an important ecological and evolution-
ary agent. See ARTICULATA (ECHINODERMATA); CAM-
ERATA; CENOZOIC; CRETACEOUS; ECHINODERMATA,;
FLEXIBILIA; INADUNATA; JURASSIC; MESOZOIC; REGEN-
ERATION (BIOLOGY). Tomasz K. Baumiller
Bibliography. M. Jangoux and J. M. Lawrence (eds.),
Echinoderm Nutrition, A. A. Balkema, Rotterdam,
1982; R. C. Moore and C. Teichert (eds.), Echino-
dermata 2: Crinoidea, pt. T of Treatise on Inverte-
brate Paleontology, Geological Society of America
and University of Kansas Press, Lawrence; C. R. C.
Paul and A. B. Smith (eds.), Echinoderm Phy-
logeny and Evolutionary Biology, Clarendon Press,
London, 1988; J. A. Waters and C. G. Maples, Geobi-
ology of Echinoderms, Paleontol. Soc. Pap., vol. 3,
Paleontological Society, Pittsburgh, 1997.

1
Critical care medicine

The treatment of acute, life-threatening disorders,
usually in intensive care units. Critical care medicine
has been practiced informally for many decades
in trauma centers, postanesthesia recovery rooms,
coronary care units, delivery rooms, emergency
rooms, and postoperative areas. The facilities and
trained personnel available in the intensive care unit
(ICU) permit extensive monitoring of physiological
variables, organization of complex, multidisciplinary
diagnostic and therapeutic plans, administration of
therapy to predetermined goals, and expert nursing
care.

Critical care thus runs counter to the traditional
division of specialities by organ or organ system. Spe-
cialists in critical care undergo training beyond a pri-
mary qualification (internal medicine, surgery, anes-
thesia, or pediatrics), and must be able to manage
acute respiratory, cardiovascular, metabolic, cere-
bral, and renal problems, as well as infections. The
patients may be newborns, children, or adults suffer-
ing from trauma or acute life-threatening disease. Pa-
tients having failure of multiple organs, complicated
medical problems, disorders falling into several med-
ical specialities, or a need for 24-h care often become
the responsibility of the critical care specialist.

The intensive care unit is the most labor-intensive,
technically complex, and expensive part of hospital
care. Of the average daily cost of a bed, about 70%
is for personnel. The intensive care unit, however,
may be crucial to the patient’s survival.

Historical background. Although there were prob-
ably precedents, it was during the Crimean War in
1856 that Florence Nightingale placed the most se-
rious casualties nearest the nursing station for the
sake of better and more efficient care. Operational
efficiency became important in the deployment of
scarce medical resources and personnel, particu-
larly in combat. In the civilian area, a special room
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was used for the postoperative care of neurosurgi-
cal patients at Johns Hopkins Hospital in 1923. In
1930 a postanesthesia recovery room was installed
at Tubingen, Germany, as well as a unit that ap-
plied new knowledge and techniques to postoper-
ative needs. Casualty facilities and trauma hospitals
were developed in Europe around World War II.
Shock wards were established in field hospitals to
resuscitate battle casualties before and after their op-
erations; the importance of blood transfusions, early
operation, and postoperative care were recognized.
Subsequently, trauma units, coronary care units, and
postoperative care were recognized. Trauma units,
coronary care units, and neonatal intensive care units
were established in the United States to promote ex-
pediency and efficiency. In community hospitals the
need for intensive care units was mainly the result
of the shortage of nurses during and after World War
II. It became essential to group patients according to
the severity of their illness.

A historical example illustrates these develop-
ments. In the poliomyelitis epidemic of 1952 in
Copenhagen, an estimated 5000 persons were af-
flicted; about 10% of these had respiratory paralysis
from bulbar polio. Tubes placed through surgically
prepared openings in the trachea and manual ven-
tilation were instituted for patients with respiratory
paralysis. To assist patients who could not breathe,
medical teaching and research were suspended and
the students worked day and night in shifts to ven-
tilate patients by hand. This extraordinary effort re-
duced the mortality rate from 85 to 40%. This episode
stimulated clinical research toward the development
of positive-pressure mechanical ventilation. An early
model of the Engstrom respirator proved to be re-
liable; through subsequent developments the iron
lung, with its negative-pressure whole-body venti-
lation, was superseded. Mechanical ventilation was
used for patients having crushed chest injuries and
was employed during thoracic surgery and abdomi-
nal surgery. Respiratory and multidisciplinary inten-
sive care units were rapidly developed for patients
whose respiration was inadequate for any of various
reasons.

Internists became involved in critical care when
it was discovered that apparent death from heart at-
tack could be treated by electric shock: dysrhyth-
mias (abnormal heart rhythms) were found to be
the most common cause of death from myocardial
infarction in the first 12 h after the onset of symp-
toms. Resuscitation was found to be possible only
if a well-equipped, trained team capable of insert-
ing the tracheal tube and performing defibrillation
arrived within minutes of cardiac arrest. This find-
ing gave impetus to the development of paramedic
transport of patients (prehospital emergency care)
and in-hospital coronary care units.

In the late 1950s, modern emergency resuscita-
tion developed. It was based on the observation
that the expired breath of the rescuer could be
used to breathe for the patient with ventilatory ar-
rest. Mouth-to-mouth breathing and external cardiac
massage led to the technique of cardiopulmonary

45



46

Critical care medicine

resuscitation (CPR) and subsequently to protocols
for basic life support and advanced life support.

The introduction of cardiac catheterization, its ap-
plication to the diagnosis and management of con-
genital and acquired heart disease, and its later appli-
cation to cardiovascular monitoring have been basic
to managing circulatory problems in patients in the
intensive care unit. The advent of plastic catheters fa-
cilitated such procedures as intravascular blood sam-
pling, infusion of fluids and titration of drugs, and cir-
culatory measurements. In the early 1970s, the flow-
directed, balloon-tip pulmonary artery catheter was
introduced, which in combination with a thermodi-
lution system permits estimation of cardiac output.

Although renal failure had been managed with
peritoneal dialysis beginning in 1923, hemodialysis
(dialysis of blood through an external membranous
coil) came into wide clinical use only after World War
II. Today, in addition to being used in outpatient and
other inpatient settings, hemodialysis is employed
in intensive care units, for example, to treat patients
who have multiple organ failure.

Many advances in medicine have increased the
need for critical care. Among them are heart opera-
tions, transplantation of various organs, and cancer
chemotherapy.

Life-support systems. Perhaps the single most use-
ful function of the intensive care unit is to provide
life-support systems for desperately ill patients who
would not survive without them. Such systems are
briefly discussed below.

Mechanical ventilation. A mechanical ventilator auto-
matically delivers oxygen-enriched air at positive
pressure through an endotracheal tube. The ma-
chine may be driven by pressure (pressure-regulated)
or volume (volume-regulated). Adjustments may be
made to control rate of ventilation, maximum airway
pressure, peak flow, ratio of time of inspiration to
that of expiration, and oxygen concentration. Venti-
lator modes determine how much effort the patient
makes and how much assistance the ventilator pro-
vides; the ventilator can entirely control ventilation.
Different clinical conditions require somewhat dif-
ferent ventilator modes.

Cardiopulmonary resuscitation. Resuscitation for car-
diopulmonary arrest must be begun at the site and
time of arrest whether in the intensive care unit,
elsewhere in the hospital, or in the community. Ar-
rest may occur more frequently in the intensive care
unit than elsewhere because the sickest patients are
usually there. Out in the field, without equipment,
cardiopulmonary resuscitation consists of (a) air-
way control (positioning of head, inflation of lungs,
manual clearing of mouth and throat), (b) breath-
ing support [mouth-to-mouth (or nose) ventilation],
and (¢) circulation support (control of external hem-
orrhage, mechanical chest compressions if the pa-
tient is pulseless, and circulatory support with intra-
venous fluids if available). When equipment is avail-
able, cardiopulmonary resuscitation consists of the
above plus (a) pharyngeal suctioning, tracheal intu-
bation, or, if this is not immediately successful, cre-
ation of an opening into the trachea in the neck;

(b) ventilation manually (using a bag and mask) or
mechanically, with oxygen added; and (¢) mechan-
ical chest compressions, or if blood pressure and
pulse do not respond immediately, open-chest mas-
sage with direct cardiac compressions.

Advanced life support consists of the use of car-
diac drugs, fluids, electrocardiographic monitoring
for cardiac dysrhythmias, defibrillation by electrical
shock with external direct current of 200-400 joules,
and management of subsequent complications and
multiple organ support in an intensive care unit.

Peritoneal dialysis and hemodialysis. In the intensive care
unit, peritoneal dialysis and hemodialysis are used
to help treat such challenging conditions as re-
nal failure, multiple organ failure, drug overdose,
sepsis (widespread infection), posttrauma condi-
tions, and postoperative renal failure. Blood is with-
drawn through intravascular catheters and pumped
through a dialysis chamber and back to the pa-
tient’s vascular system. Among items removed by
dialysis are the waste products, urea and creati-
nine; excess water, potassium, and sodium; drugs;
and organic acids and other noxious metabolic end-
products.

Circulatory support with intraaortic balloon pumping. The in-
traaortic balloon pump is the temporary device that
is most widely used to assist the failing heart. It is em-
ployed when the ventricle of the heart cannot pump
enough blood to meet the minimum needs of the
body. The balloon, which is placed in the descend-
ing aorta, is rapidly inflated in diastole (the time of
cardiac relaxation) and rapidly deflated at the onset
of systole (the time of cardiac contraction). When the
pump is properly synchronized with the heart, the
balloon deflation produces a vacuumlike effect that
helps the left ventricle to contract. The device also
augments diastolic pressure, which improves blood
flow and oxygen supply to the heart. Combining the
mechanical assistance with the ventricle’s own lim-
ited ability can permit adequate circulation.

Extracorporeal membrane  oxygenation. Extracorporeal
membrane oxygenation equipment is a modification
of the apparatus that is routinely used to oxygenate
the blood outside the body during open heart
surgery. It is used mainly in near-term infants who
do not respond to maximum ventilatory and medical
support.

Life-sustaining therapy. Another aspect of critical
care is the provision of life-sustaining therapy. Com-
ponents include administration of intravenous fluids,
provision of nutritional support, and control of infec-
tions.

Fluid and electrolyte administration. Fluids are given
mainly to replace fluid losses and to provide circu-
latory support in patients with conditions such as
shock or circulatory deficiencies. Intravenous and in-
traarterial catheters are placed to allow the monitor-
ing of arterial and central venous pressures and the
rapid administration of fluids, such as blood, blood
components, and various solutions.

Drugs often are used in conjunction with fluid
therapy. Such drugs include agents that stimu-
late cardiac contraction, agents that increase blood



pressure, and agents that reduce vascular resistance
to cardiac output.

Nutritional support. In life-threatening crises, nutri-
tional requirements must be maintained. A patient
who cannot take nourishment by mouth receives it
either via a tube introduced through the nose into
the stomach or duodenum, or parenterally (through
a vein). Glucose, fat, amino acids, and other sub-
stances are given. Total parenteral nutrition can sus-
tain life indefinitely in patients who are unable to
eat and have higher than normal nutritional require-
ments because of sepsis, injury, or prior malnutri-
tion.

Control of infection. A large percentage of patients in
intensive care units have infections that are part of
their primary disease or were acquired in the hospi-
tal. The latter infections are particularly difficult to
eradicate because they are usually resistant to most
antibiotics. Infectious agents are identified by cul-
turing bronchial secretions and the fluids from body
cavities, wounds, and elsewhere. The sensitivity of
each bacterial agent to an array of antibiotics must
be tested.

The control of the environment in the intensive
care unit is a major problem. Cross contamination
between various patients and between patients and
personnel must be constantly monitored to prevent
outbreaks of infection. See HOSPITAL INFECTIONS.

Other acute crises. Various types of crises are man-
aged by critical care specialists. The following are
some examples. Upper gastrointestinal hemorrhage
may occur because of bleeding duodenal ulcers,
esophagitis, gastritis, perforations of the stomach or
esophagus, or other conditions. Lower gastrointesti-
nal bleeding may arise from conditions such as colon
tumors, colon diverticula, and hemorrhoids. Ther-
apy usually consists of rapid blood replacement and
then, once the patient’s condition is stable, operative
control of the bleeding source. See HEMORRHAGE.

Acute abdominal crises. Acute catastrophic abdominal
conditions can include acute pancreatitis, intestinal
obstruction, perforation of a duodenal ulcer, stones
of the kidney or ureter, and many other conditions.
Many patients with these conditions are admitted
to the intensive care unit during their preopera-
tive diagnostic work-up and for stabilization of their
cardiorespiratory and fluid and electrolyte status;
they may be readmitted postoperatively for manage-
ment.

Cardiac emergencies. Among the cardiac emergencies
sometimes treated in intensive care units are serious
abnormalities of heart rate and rhythm, toxicity from
drugs used to treat heart disease, and cardiac tam-
ponade (compression of the heart by blood or fluid
in the sac surrounding it). For some conditions treat-
ment can include emergency placement of a pace-
maker.

Coma management. The sudden onset of altered men-
tal status or coma may result from head injury, cere-
brovascular accidents (stroke), drug overdose, post-
operative conditions after neurosurgery, meningitis,
brain tumors, and various other causes. Patients with
altered mental status or coma require special nurs-

ing to prevent complications. A major consideration,
especially after neurosurgical operations and head
injuries, is to monitor the level of consciousness;
a change in consciousness is usually the first warn-
ing of increasing intracranial pressure, which if not
promptly corrected may lead to irreversible brain
damage.

Acute endocrine disorders. Critical care is used in treat-
ing a number of acute endocrine catastrophies that
are uncommon but potentially fatal. Examples in-
clude severe conditions caused by excessive or
deficient thyroid hormone secretion, hypoparathy-
roidism after thyroid surgery, and adrenocortical
insufficiency (Addison’s disease). See ENDOCRINE
MECHANISMS.

Injuries. Trauma from automobile accidents, pene-
trating injuries from violent crimes, and blunt trauma
from falls or assaults pose serious technical and lo-
gistic problems that must be rapidly addressed. The
injured patient must promptly receive appropriate
diagnostic tests, monitoring, and therapy. Sometimes
surgery must be undertaken while resuscitation ef-
forts are still under way.

Hepatic failure and metabolic problems. Critical care also is
used in managing hepatic failure and metabolic prob-
lems. Hepatic insufficiency or failure can result from
conditions such as alcoholic cirrhosis, viral hepati-
tis, drug reactions, and poisoning. Often infection is
present, as immunocompetence is impaired in liver
failure. See CIRRHOSIS; LIVER.

Pulmonary problems. Patients whose breathing is se-
riously impaired by conditions such as pneumo-
nia, asthma, pulmonary embolism (blood clot in the
lung), smoke inhalation, and near-drowning may re-
ceive critical care. Measures available to assist such
patients include use of mechanical ventilators (dis-
cussed above), administration of humidified supple-
mental oxygen through a mask or nasal prongs, and
use of bronchodilator drugs. William C. Shoemaker

Bibliography. J. B. Hall et al., Principles of Critical
Care, 2d ed., 1997; W. C. Shoemaker et al. (eds.),
Textbook of Critical Care, 2d ed., 1989.
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Critical mass

The amount of fissile material (uranium-233,
uranium-235, or plutonium-239) that supports a self-
sustaining nuclear chain reaction. It ranges from as
little as 1 1b (0.45 kg) for plutonium-239 dissolved in
light water to 2 tons (1800 kg) for uranium-235 fuel-
ing a 1-GWe (1 gigawatt of electric power) nuclear
power reactor. See CHAIN REACTION (PHYSICS).
Critical mass is a definitive feature of nuclear re-
actors and nuclear explosives. It is increased by
the presence of such neutron-absorptive materials
as admixed uranium-238, aluminum pipes for flow
of coolant, zirconium fuel-element cladding, and
boron, cadmium, or gadolinium control rods. It is
reduced by a moderator, such as graphite, heavy
water, or light water, which slows down the neu-
trons, inhibits their escape, and thus improves the
probability of producing fission in the fuel. Without a

Critical mass
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moderator, natural uranium cannot reach critical-
ity; about 1 ton (900 kg) is used to fuel a
heavy-water-moderated 1-GWe reactor. Most power
reactors, especially fast reactors, are loaded with
core-distributed fissile inventories that add up to
many latent critical masses. Additional fissile material
is also bred into the core fissile material through neu-
tron absorption in admixed fertile material, such asin
the conversion of uranium-238 to fissile plutonium-
239. See NUCLEAR REACTOR.

Critical mass also depends on the density of the fis-
sile component, its geometry, and the immediate sur-
roundings. The illustration shows its relationship to
the fissile fraction for a metallic sphere enriched in
uranium-235. It also shows how a surrounding layer
of suitable material (called a reflector), such as beryl-
lium or natural uranium, can significantly reduce the
critical mass. The critical mass varies for different
nuclear isotopes (see table).

Reactor criticality. In a reactor the critical mass is
not a static quantity because specific nuclear phe-
nomena activate and influence the chain reaction.
When the reactor is just critical, the reactor fis-
sion rate is stable, a condition called delayed crit-
ical. When the overall fission rate is declining or
increasing, subcritical or supercritical conditions re-
spectively exist. Subcriticality ensues if, under pre-
vailing conditions, the fuel loading is insufficient to
sustain criticality. Supercriticality (or prompt critical-
ity) occurs at the instant that the reactive fissionable

content exceeds the requirements for nuclear equi-
librium.

Delayed criticality is sustained in all reactors by
adjusting operating parameters that regulate the ef-
fective critical mass. Heat production for power gen-
eration, which consumes fissionable material, can be
maintained by compensating with the removal of
neutron absorbers through the movement of con-
trol rods, changes in the external geometry pro-
vided by reflectors, or continuous replacement of
fissionable material when liquid fuel is employed.
Burnable poisons and the deliberate conversion of
fertile isotopes are also used to overcome reac-
tivity losses from power-producing fuel consump-
tion. Reactivity loss occurs also from the production
of neutron-absorbing fission products, through the
power-production cycle.

The criticality state of a reactor is described math-
ematically by the multiplication constant 2, which
is a ratio comparing the number of neutrons born
to those consumed or lost. When the reactor is just
critical, the effective value of & is unity. In calcu-
lating the value of k&, all neutron sources and sinks
are taken into account. The sources are (1) intrinsic
yields of fission neutrons in the fissile isotope and
(2) augmented fission in the fertile component. The
sinks are (1) nonfission captures in the fuel, cladding,
coolant, fission products, and structure and (2) leak-
age from the reactor.

By exploiting inherent nuclear and thermody-
namic properties of core and reflector materials,
reactors are designed to be almost self-regulating.
The effective critical mass and state of criticality at
any given moment are determined by delayed neu-
trons, expansion coefficients, void fractions, and res-
onance widths for neutron capture reactions in the
reactor. Reactors are normally operated at delayed
critical, with redundant features to avoid prompt crit-
icality. Safety and power generation are dependent
upon proper reactor management and conformance
to operating standards that are based on these inher-
ent design attributes. See DELAYED NEUTRON; REAC-
TOR PHYSICS.

Nuclear explosions. An explosive, supercritical
condition can be deliberately created by rapid intro-
duction of reactivity in excess of the requirements
for a critical mass. This is the basis for nuclear ex-
plosions, which rely on sudden explosively driven
densification of a subcritical fissile component.

Approximate critical masses and sizes of fissionable
spheres surrounded by 10-cm (4-in.) uranium reflectors
Density, Critical mass, Radius,
Isotopes g/cm?® kg (Ib) cm (in.)
24y 18.9 5.7(12.6) 4.2(1.7)
A 18.9 15.7 (34.6) 5.8(2.3)
239py 19.5 4.5(9.9) 3.8(1.5)
240py 19.5 19.6 (43.2) 6.2 (2.4)
242py 19.5 73 (161)  8.4(3.3)
20% 2%°U, 80% 2%V 18.9 350 (770) 9.7 (3.8)
30% 23%Pu +241py, 19.5 6 (13) 4.2(1.7)
70% 240Py +242py




Tritium boosting with thermonuclear reactions is
used to amplify the explosive yield of a fission chain
reaction, thus reducing the fissile mass inventory of a
weapon that must be compressed in order to become
supercritical. See ATOMIC BOMB; HYDROGEN BOMB;
NUCLEAR EXPLOSION.

Safety issues. Because critical mass is dependent
on extrinsic factors such as geometry, moderator, and
coolant flow, reactor safety issues are of extreme
importance. Reactors can become prompt critical
but, lacking physical mechanisms for intense com-
pression, they are unable to explode like nuclear
weapons. Early in the development of the first atomic
bomb (the Manhattan Project), a few workers lost
their lives in test-reactor-core prompt-criticality ac-
cidents. In 1986, at the Chernobyl reactor in the
former Soviet Union, fatal consequences occurred
after operators lost control of reactor criticality. The
Three Mile Island reactor in Pennsylvania suffered a
loss-of-coolant accident in 1979, but criticality con-
trol was maintained, no lives were lost, and only a
small amount of radioactivity escaped the primary
containment. See NUCLEAR POWER.

When subcritical quantities of nuclear materials
are handled, packaged, or transported, safe geomet-
rical configurations and environments are worked
out in great detail and retained through careful man-
agement. For example, it should not be possible for a
nuclear mass to become critical even if its container
is flooded with water. No criticality accidents related
to fuel transport have been recorded. A. DeVolpi

Bibliography. A. DeVolpi, Denaturing fissile materi-
als, Prog. Nucl. Energy, 10:161-219, 1982; E J. Rahn
et al., A Guide to Nuclear Power Technology, 1984.
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Critical phenomena

The unusual physical properties displayed by sub-
stances near their critical points. The study of crit-
ical phenomena of different substances is directed
toward a common theory.

Critical points. Ideally, if a certain amount of water
(H,O) is sealed inside a transparent cell and heated to
a high temperature 7, for instance, 7> 647 K (374°C
or 705°F), the enclosed water exists as a transparent
homogeneous substance. When the cell is allowed to
cool down gradually and reaches a particular temper-
ature, namely the boiling point, the enclosed water
will go through a phase transition and separate into
liquid and vapor phases. The liquid phase, being
more dense, will settle into the bottom half of the
cell. This sequence of events takes place for water
at most moderate densities. However, if the enclosed
water is at a density close to 322.2 kg - m 3, rather ex-
traordinary phenomena will be observed. As the cell
is cooled toward 647 K (374°C or 705°F), the origi-
nally transparent water will become increasingly tur-
bid and milky, indicating that visible light is being
strongly scattered. Upon slight additional cooling,
the turbidity disappears and two clear phases, water
and vapor, are found. This phenomenon is called the
critical opalescence, and the water sample is said to
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Fig. 1. Phase diagram of water (H,0) on the pressure-
temperature (P-T) plane.

have gone through the critical phase transition. The
density, temperature, and pressure at which this tran-
sition happens determine the critical point and are
called respectively the critical density p, the critical
temperature 7, and the critical pressure P... For water
Pe=3222Kkg - m~3 T.= 647 K (374°C or 705°F),
and P, = 2.21 x 107 pascals. See OPALESCENCE.

Different fluids, as expected, have different crit-
ical points. Although the critical point is the end
point of the vapor pressure curve on the pressure-
temperature (P-7) plane (Fig. 1), the critical phase
transition is qualitatively different from that of the
ordinary boiling phenomenon that happens along
the vapor pressure curve. In addition to the critical
opalescence, there are other highly unusual phenom-
ena that are manifested near the critical point; for ex-
ample, both the isothermal compressibility and heat
capacity diverge to infinity as the fluid approaches
T.. See THERMODYNAMIC PROCESSES.

Many other systems, for example, ferromagnetic
materials such as iron and nickel, also have criti-
cal points. The ferromagnetic critical point is also
known as the Curie point. As in the case of fluids,
a number of unusual phenomena take place near
the critical point of ferromagnets, including singu-
lar heat capacity and divergent magnetic suscepti-
bility. The study of critical phenomena is directed
toward describing the various anomalous and inter-
esting types of behavior near the critical points of
these diverse and different systems with a single com-
mon theory. See CURIE TEMPERATURE; FERROMAGNE-
TISM.

Order parameters. One common feature of all crit-
ical phase transitions is the existence of a quantity
called the order parameter. The net magnetization M
is the order parameter for the ferromagnetic system.
At temperatures T above T, and under no external
field, there is no net magnetization. However, as the
temperature of the system is cooled slowly through
T., a net magnetization M will appear precipitously.
The increase in M is more gradual as temperature is
reduced further. The nonzero magnetization is due
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TABLE 1. Order parameters, theoretical models, and classification according to universality class of various

Physical system Order parameter

Adsorbed films
Helium-4 films

Surface density

Amplitude of
superfluid phase

Magnetization

None

Conformation of long-
chain polymers

Density of chain
ends

Magnetization

Density difference
between phases

Uniaxial ferromagnet
Fluid near a critical point

Mixture of liquids near Concentration
consolute point difference
Alloy near order-disorder Concentration
transition difference
Planar ferromagnet Magnetization

Helium-4 near superfluid Amplitude of

transition
Isotropic ferromagnet

superfluid phase
Magnetization

None
Quarks bound in
protons, neutrons, etc.

physical systems*
Universality class Theoretical model
d=2n=1 Ising model in two dimensions
n=2 XY model in two dimensions
n=3 Heisenberg model in two dimensions
d>2n=-e Spherical model
d=3n=0 Self-avoiding random walk
n=1 Ising model in three dimensions
n=2 XY model in three dimensions
n=3 Heisenberg model in three
dimensions
d<4n=-2
n = 32 Quantum chromodynamics
“From K. Wilson, Problems in physics with many scales of length, Sci. Amer., 241(2):158-179, August 1979.

to the partial alignment of the individual spins in
the ferromagnetic substance. M is called the order
parameter since the state with partial alignment of
spins is more ordered than that with no alignment.
The density difference in the liquid and vapor phases,
(p; — pu)/pe is the proper order parameter in the
fluid system; p. in the denominator is the critical
density. This order parameter has temperature de-
pendence similar to that for the net magnetization
M of a ferromagnetic system. For T > T, the order
parameter is equal to zero, since there is only one
homogeneous phase in the fluid. As the system is
cooled through T, the fluid system phase separates
with a precipitous increase in the difference of the
liquid and vapor densities. A number of critical sys-
tems and their respective order parameters are listed
in Table 1.

The order parameters assume power law behav-
iors at temperatures just below 7. In the fluid
and ferromagnetic systems, for ¢ < 0, they follow
Egs. (1) and (2), and for £ > 0 they obey Egs. (3).

M = B(—b)’ €))

Pr— Pv _ B(—t)ﬁ (2)

M=0 u =0 3
Pe

In these equations, ¢t = (' — T,)/T, reduced temper-
ature, and B and B are respectively the critical expo-
nent and amplitude for order parameter.
Measurement of the order parameter of fluid
neon near the critical temperature [T, = 44.48 K
(—228.57°C or —379.43°F), p. = 484 kg - m >, P, =
2.72 x 10° Pa] is shown in Fig. 2. The densi-
ties of the liquid (upper branch) and vapor (lower

branch) phases as a function of temperature are
deduced by measuring the dielectric constant of
neon in the bottom and top halves of a sample cell.
Data at reduced temperatures ¢ between —4 x 104
and —2 x 107? are shown as broken lines. Care-
ful data analysis shows that the simple power func-
tion given in Eq. (2) is not adequate to describe
the data over the entire temperature range. This is
the case because even in the range of reduced tem-
peratures ¢ between —4 x 107% and —4 x 1072
the fluid is not yet inside the asymptotic or true
critical region, and correction terms are needed.
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Fig. 2. Densities of liquid (upper branch) and vapor (lower
branch) neon near its critical temperature. Reduced density
is defined as (p — pc)/pc and reduced temperature is
defined as t = (T — T,)/T.. (After M. Pestak and M. H. W.
Chan, Equation of state of N, and Ne near their critical
points: Scaling, correction to scaling, and amplitude ratios,
Phys. Rev., B30:274-288, 1984)
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TABLE 2. Critical exponents and power laws in pure fluids and ferromagnets*
Thermodynamic quantity Fluid Ferromagnet Power law
Specific heat C, Cu ~({t)"“fort>0
~(—t)’“' fort<0
Order parameter = S (o1 £ po)pe ! M =0fort>0
. 1 (0p ) (BM ) )
Response function Ki=—| == X= = ~(—t)? fort<0
i =5 ( ap) ; aH) ; 0
~({t) M fort>0
~(=t)™ fort<0
Critical isotherm P+ P H ~ S|’ - sign of S
Correlation length 13 13 ~({t)y"v fort>0
~(—t) " fort< O
Critical correlation function of fluctuation G(r) G(r) ~(r)~@=2+n
“d = spatial dimensionality of the critical system; H = magnetic field strength; C, = specific heat at constant volume; Cy = specific heat at constant
magnetic field strength; K; = isothermal compressibility; X = susceptibility.

When the density data are analyzed according
to the predicted functional form given by Eq. (4)

PP B—pf 1+ B, 1t + Byt +--1 (&

c
the exponent is found to be 0.327 + 0.002, in ex-
cellent agreement with the theoretically predicted
value of 0.325 as discussed below. The value of 8
found for other simple fluids also converges toward
the theoretical value.

Power law behavior of other quantities. The anoma-
lous behavior of other thermodynamic quantities
near the critical point can also be expressed by
power laws. These can be characterized by a set of
critical exponents, labeled (besides f) «, y, §, v, and
n: o characterizes the divergent heat capacity; y the
susceptibility (of magnets) and isothermal compress-
ibility (of fluids); § the critical isotherm; v the corre-
lation length; and 7 the critical correlation function.
The functional forms of these power laws for the
fluid and magnet systems are shown in Table 2. The
critical opalescence phenomenon discussed above
is closely related to the strong density fluctuations
induced by the divergent isothermal compressibility
near 7,.. When the density fluctuations are correlated
at lengths comparable to the wavelength of visible
light, intense scattering occurs.

Mean field theories. The earliest attempts to under-
stand the critical behavior were the van der Waals
model for fluids (1873) and the Weiss model for ferro-
magnets (1907). These are mean field theories in the
sense that the state of any particular particle in the
system is assumed to be determined by the average
properties of the system as a whole. In these models,
all particles can be considered to contribute equally
to the potential at each site. Therefore, the mean field
theory essentially assumes the intermolecular inter-
action to be of infinite range at all temperatures. The
mean field theories are qualitatively quite successful
in that they predict the existence of critical points
and power law dependence of the various thermo-

dynamic quantities near the critical point. They are
not quantitatively correct because the predicted val-
ues for the various exponents are not in agreement
with exact model calculations or with experimental
results (Table 3).

Scaling hypothesis. Theoretical efforts in the study
of critical phenomena have been centered on pre-
dicting correctly the value of these critical expo-
nents. One of the most important developments is
the hypothesis of scaling. This hypothesis is model-
independent and applicable to all critical systems.
The underlying assumption is that the long-range cor-
relation of the order parameter, such as the spin fluc-
tuation in the ferromagnetic system and the density
fluctuation in the fluid system near 7, is responsi-
ble for all singular behavior. This assumption leads
to a particular functional form for the equation of
state near the critical point. With this simple as-
sumption, it has been demonstrated that a number
of inequalities among critical exponents that can be
proved rigorously by thermodynamic arguments are
changed into equalities. These equalities, or scaling
laws, show that there are only two independent crit-
ical exponents; once two exponents in a system are
given, all other exponents can be determined. What
is truly impressive about this simple hypothesis is
that the scaling laws, Egs. (5)-(9), have been shown

! ’

a=a, y=y, v=v ©))
2=a+y+28 ©
2=a+2B5—y @)
vd=2—«a ®

y =v2-—mn (©))

to be correct in almost all real and theoretical model
critical systems.

The meaning of these exponents is explained
above and also in Table 2; d is not an exponent
but the spatial dimensionality; the primed and un-
primed exponents represent the value below and
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TABLE 3. Values of critical exponents
Systems @ B8 o é v n

Mean field model 0 (discontinuity) Yo 1 3 A 0
Ising model (exact) 0 (logarithmic

d=2,n=1) discontinuity) g A 15 1 0.25
Ising model (approx.)

d=3,n=1) 0.110 0.325 1.24 4.82 0.63 0.03
Heisenberg model (approx.)

d=3,n=3) —0.10 0.36 1.38 4.80 0.705 0.03
Fluids™

Xe 0.08 + .02 0.325-0.337 1.23 £0.03 4.40

SFg 0.321 —0.339 1.25 £0.03

Ne 0.327 £ 0.002 1.25 £ 0.01

No 0.327 £0.002 1.283 £ 0.010
Ferromagnets™ (isotropic)

Iron, Fe —0.09 £.01 0.34+.02 1.33 £ 0.02 0.07£0.07

Nickel, Ni —0.09 +.03 0.37+£.03 1.34 £0.02 42+0.1

“Experimental data are the averaged measured values of a number of experiments.

above T, respectively. A large number of theoreti-
cal and experimental activities are concerned with
putting the scaling hypothesis on a firm fundamen-
tal basis and understanding its universality and limi-
tations.

Model systems. A great deal of insight has been
gained by the construction and solution of model sys-
tems that can be solved exactly. The most famous one
is the two-dimensional (d = 2) Ising model solved by
L. Onsager in 1944. In this model, spins (little mag-
nets) on a lattice are allowed to point in either the up
or down directions, and it is assumed that only pairs
of nearest-neighboring spins can interact. Onsager
found a critical point for this system and calculated
the values of the various critical exponents. The solu-
tion of this model is important because this is one of
the very few model systems with exact solutions, and
it is often used to check the validity of approximation
techniques. There are many other model systems
similar to the Ising model. They are distinguished
from each other by the spatial (d) and spin (n) di-
mensionality. The spin can be oriented along an axis
(n = 1, Ising model), or in any direction on a plane
(n = 2, XY model), or in any direction in space (n =
3, Heisenberg model). See ISING MODEL.

These models are essentially simplified versions of
real physical systems. The three-dimensional Heisen-
berg model (d = 3, n = 3), for example, clearly
resembles the isotropic ferromagnets; the three-
dimensional Ising model (d = 3, n = 1) can be
found to correspond to the pure fluid system. The
correspondence can be shown if the space acces-
sible to the fluid is divided into lattice sites, and at
each site the spin parameter is considered to be up
if the site is occupied and down if it is not. There
are other physical systems beside pure fluids that re-
semble the three-dimensional Ising model, for exam-
ple, the binary fluid near its consolute mixing point,
the uniaxial ferromagnet, and an alloy system near
the order-disorder transition. A great deal of effort
and ingenious mathematical techniques have been
employed to obtain approximate solutions to these
model systems.

Universality hypothesis. It has been observed that
the measured values for the critical exponents are
rather close to the calculated ones of the correspond-
ing model system. This observation leads to the hy-
pothesis of critical universality. According to this
hypothesis, the details of the particle-particle inter-
action potential in the vicinity of the critical point
are not important, and the critical behavior is deter-
mined entirely by the spatial dimensionality d and the
spin dimensionality 7. All systems, both model and
real, that have the same value of d and #» are said to be
in the same universality class and have the same crit-
ical exponents. The hypotheses of scaling and uni-
versality are closely related: since the length of cor-
relation between density or spin fluctuation diverges
as one approaches the critical point, and any inter-
action potential between particles is finite in range,
the details of interparticle potential are expected to
be increasingly less important as one approaches the
critical point. It has been shown that scaling laws can
be derived from the universality hypothesis. Classi-
fication of model and physical systems according to
universality classes is shown in Table 1.

Renormalization group. The renormalization group
(RG) method, originally used in quantum field
theory, has been introduced in the study of criti-
cal phenomena. By employing a set of symmetry
transformations, the ideas contained in the princi-
ple of universality and in the scaling hypothesis can
be reformulated and incorporated much more eco-
nomically. As a result, a fully operational formalism
is obtained from which critical exponents can be
calculated explicitly. Beside the success in critical
phenomena, the renormalization group method is
also found to be a very useful technique in many
diverse areas of theoretical physics. See QUANTUM
FIELD THEORY.

The validity and indeed the elegance of the con-
cept of universality and the theory of critical phe-
nomena are borne out by experiments. As stated
above, the order parameter exponents for simple
fluids were found in a number of experiments to
be equal to 0.327 £ 0.002. This is in excellent
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Fig. 3. Surface densities (values of fractional monolayer
coverage) of monolayer methane adsorbed on graphite
near its two-dimensional critical temperature. (After H. K.
Kim and M. H. W. Chan, An experimental determination of a
two-dimensional liquid-vapor critical point exponent, Phys.
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agreement with the value of 0.325 calculated for
the three-dimensional Ising model (n = 1, d = 3)
by renormalization-group and high-temperature se-
ries expansion methods. Figure 3 shows the mea-
sured densities of the liquid and vapor phases of
a two-dimensional fluid. The two-dimensional fluid
is achieved by adsorbing methane molecules on an
atomically flat graphite surface at monolayer and sub-
monolayer coverages. The curve in Fig. 3, which
traces the boundary separating the liquid-vapor co-
existence region from the hypercritical fluid region,
also reflects the liquid (upper half) and vapor (lower
half) densities. It is qualitatively different from that
for a bulk or three-dimensional fluid as shown in
Fig. 2. When the curve is subjected to an analysis
according to the power law given in Eq. (2), the re-
sulting exponent g is found to be 0.127 + 0.020, in
excellentagreement with the value of /3 as predicted
by Onsager for the two-dimensional Ising model
d=2,n=1D.

Dynamical effects. Besides the static critical phe-
nomena, there are many interesting dynamical
effects near the critical point, including critical slow-
ing down, the dynamics of density and spin fluctua-
tions, thermal and mass transport, and propagation
and attenuation of sound. Understanding of these ef-
fects is far from complete.

Most critical phenomena experiments have been
performed on three-dimensional systems, but a num-
ber have been done in two-dimensional and quasi-
two-dimensional systems. The experiments include
the order-disorder transition and the continuous
melting transition of gases bound to a graphite sur-
face and the superfluid transition of “He films on sub-
strates. There has also been considerable interest in
the influence of disorder on fluid and magnetic sys-
tems. These experiments provide interesting physi-
cal realizations of the various model systems in two
dimensions. See PHASE TRANSITIONS; STATISTICAL ME-
CHANICS. Moses H. W. Chan
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1
Crocodile

The common name used for 15 species of large rep-
tiles included in the family Crocodylidae, one of
the three families of the order Crocodylia, which
also includes the alligators, caimans, and gharials
(also known as gavials). Like all crocodilians, the
crocodiles are distributed throughout the tropical
and subtropical regions of the world. Species occur
in both saltwater and freshwater habitats. Crocodiles
are generally carnivorous, feeding on invertebrates,
fish, other reptiles, amphibians, birds, and mammals.
A few, very narrow snouted species are believed
to subsist primarily on fish. Crocodiles are primar-
ily aquatic and nocturnal, leaving the water only to
bask by day or to build their nests. Some species
construct burrows into the banks of rivers or lakes
where they spend part of their time. See ALLIGATOR;
CROCODYLIA; GAVIAL; REPTILIA.

Anatomy. These animals are powerful predators
with large teeth and strong jaws. Large adults of
some species may exceed 20 ft (6 m) in length and
are capable of overpowering and eating large grazing
mammals such as deer and cattle and even, occasion-
ally, humans. The webbed feet, laterally compressed
tail, and placement of the nostrils, eyes, and ears
on raised areas of the head are adaptations for an
aquatic existence (see illustration). The raised nos-
trils, eyes, and ears allow the animals to float almost
completely submerged while still monitoring their
environment. The body, particularly the back, is cov-
ered with a series of bony plates (osteoderms) which
are unfused and have no direct connection with the

American crocodile (Crocodylus acutus) from Ding Darling National Wildlife Refuge,
Florida. (Photo by Gerald and Buff Corsi; copyright (© 2001 California Academy of

Sciences)

Crocodile
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endoskeleton. The crocodile does not molt the epi-
dermis in a single unit or in large pieces, as do most
reptiles.

Size. There is considerable controversy over just
how large crocodiles may grow. The saltwater
crocodile (Crocodylus porosus) of the Indo-Pacific
and Australia; the Nile crocodile (C. niloticus) of
Africa; the American crocodile (C. acutus; see
illustration) of Central and South America, many
Caribbean islands, and Florida; and the Orinoco
crocodile (C. intermedius) of the Orinoco drainage
in South America are reliably reported to approach
or slightly exceed 20 ft (6 m) in total length.
Johnson’s crocodile (C. jobnsoni) of Australia; the
Mugger crocodile (C. palustris) of India and Sri
Lanka; the Siamese crocodile (C. siamensis) of
Malaysia and Indonesia; the New Guinea and Philip-
pine crocodiles (C. novaeguineae and C. novaegui-
nea mindorensis) of Papua New Guinea and the
Philippines; Morelet’s crocodile (C. moreletti) of
Mexico, Guatemala, and Belize (British Honduras);
the Cuban crocodile (C. rbombifer) of Cuba; and
the narrow-snouted crocodile (C. catapbractus) of
Africa have a maximum length of between 9 and
14 ft (3 and 4 m). The false gavial (Tomistoma
schlegeli) of Malaysia, Borneo, and Sumatra may oc-
casionally reach 16 ft (5 m) in length. The broad-
snouted crocodiles (Osteolaemus tetraspis) of west-
central Africa seldom exceed 6 ft (2 m) in total length.

Reproduction. Reproduction in crocodiles, and in
all crocodilians, is elaborate and has been well stud-
ied in a few species. Courtship and mating occur
in the water. The female digs a hole in the soil for
the 10 to 50 eggs, or, in the case of several species,
constructs an elevated nest of available soil and vege-
tation near the water. The decaying vegetation gives
off heat that aids in the incubation of the eggs. Nests
may be as large as 12 ft (3.5 m) across and 4 ft (1.2 m)
high and are often guarded by the female, which may
also construct wallows adjacent to the nest where
she remains for much or all of the incubation period.
Incubation takes approximately 2 months. In some
species, at least, the hatchlings croak or grunt from
within the nest, and the female opens the nest to as-
sist their emergence. The young may remain together
as a pod with the female for a year or more. Hear-
ing and vocal communication are well developed in
the crocodiles, and a variety of bellows, snarls, and
grunts are utilized in their elaborate social behavior.
See REPRODUCTIVE SYSTEM.

Conservation and ecology. Many factors have con-
tributed to the overall decline of crocodiles world-
wide. Crocodile hides are considered valuable, and
the decline of many species may be attributed to
hunting and poaching. The loss of habitat through
land development for other uses also contributes
significantly to the decline of crocodile species.
Most countries with native crocodile populations are
implementing conservation measures, and interna-
tional efforts are being made to regulate trade in
crocodile products. Papua New Guinea has devel-
oped a conservation-farming program for its species
which, if successful, could serve as a model for

the conservation of crocodiles and all crocodilians
throughout the world.

The Siamese crocodile (C. siamensis), found in
Thailand, is considered to be the most endan-
gered crocodile in the world and is listed as “crit-
ically endangered” by the International Union for
the Conservation of Nature and Natural Resources
(IUCN). In the United States, the American alliga-
tor (Alligator mississippiensis) and the American
crocodile (C. acutus; see illustration) are both con-
sidered to be in decline. The American alligator is
listed as “federally threatened” in certain parts of
its range, whereas the American crocodile, found
in the coastal contact zone of southern Florida, is
listed as “critically endangered.” Conservation efforts
are hindered by the lack of knowledge about the
population biology of crocodiles. Historically, they
existed in many areas in large numbers and were
evidently of considerable importance in the ener-
getics and nutrient cycling in the habitats where
they occurred. The overall decline of some species
makes studies of their ecological importance diffi-
cult. Howard W. Campbell; W. Ben Cash
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1
Crocodylia

An order of the class Reptilia (infraclass Archosauria)
which is aquatic species including the alligators,
caimans, crocodiles, and gavials. The group has a
long fossil history from the Late Triassic, and its mem-
bers are the closest living relatives of the extinct di-
nosaurs and the birds. The 23 living species are found
in tropic areas of Africa, Asia, Austria, and the Amer-
icas. One form, the saltwater crocodile (Crocody-
lus porosus), has traversed oceanic barriers from
the East Indies as far east as the Fiji Islands. See AR-
CHOSAURIA; REPTILIA.

Morphology. The order is distinguished from other
living reptiles in that it has two temporal foramina,
an immovable quadrate, a bony secondary palate, no
shell, a single median penis in males, socketed teeth,
a four-chambered heart, and an oblique septum that
completely separates the lung cavities from the peri-
toneal region.

Certain of these unique features and other salient
characteristics of the Crocodylia are intimately asso-
ciated with their aquatic life. The secondary palate,
composed of medial expansions of premaxillary,
maxillary, palatine, and pterygoid bones, divides the
mouth cavity into two separate regions. The area
above the bony palate forms an air passage extend-
ing from the external nostrils at the tip of the snout
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Fig. 1. Sagittal section of crocodylian head to show
secondary palate and air passage.

posteriorly to near the orbital region. The lower
space retains the usual functions of the mouth and
is bordered above by the secondary palate, and
below by the lower jaw. A special pair of fleshy flaps
are found at the posterior end of the mouth cavity
and form a valvular mechanism which separates the
mouth from the region where the air passage opens
into the throat (Fig. 1). This complex arrangement
allows crocodylians to breathe even though most of
the head is under water, or the mouth is open hold-
ing prey or full of water. Inasmuch as these great
reptiles are extremely active when submerged and
may remain under water for considerable periods,
the increased efficiency of respiration provided by
the oblique septum is an obvious adaptation. The
significance of the four-chambered heart also lies in
its contribution to rapid cellular respiration through
an increased efficiency of circulation. Interestingly,
all three of these structural characteristics are also
found in mammals, although differing in detail. The
Crocodylia, however, are not closely related to any of
the reptiles that ultimately gave rise to the mammal
stock.

Other aquatic adaptations include valvular exter-
nal nostrils that are closed during immersion, a re-
cessed eardrum that can be covered by a skin flap
underwater, webbed toes, and a long, compressed,
muscular tail that propels the crocodylian through
the water with strong lateral thrusts. In addition, the
eyes, adapted for nocturnal activity by a vertically el-
liptical pupil, and the nostrils are mounted in raised
areas of the head so that the animal may see and
breathe without exposing much of its body above
water. The method of locomotion on land is by pro-
gression on all fours, with the belly and head held
off the ground and the tail dragging behind. In the
water, movement is produced by lateral undulations
of the tail and the forelimbs are held flat against the
sides of the body.

Feeding. Crocodylians are carnivorous and prey
upon insects, mollusks, fishes, and mammals. Usually
only the larger adults attack terrestrial prey, which
is usually caught at the water’s edge and after being
grasped in the powerful jaws is dragged down to
be drowned. The jaws, numerous sharp teeth, and
the habit of twisting and rolling underwater after the
prey is seized all contribute to the particular repu-

tation crocodilians share. Even on land they are im-
posing creatures, especially when utilizing the mus-
cular tail for defense. As with any large predator,
crocodilians should be treated with respect and cau-
tion should be used in approaching individuals in the
wild.

Reproduction. During the breeding season male
crocodilians set up territories on land which they
defend against intruders of the same species. During
this period their loud roars are frequently heard at
night. Fertilization is internal and the shelled eggs
are deposited in excavations in the sand or in large
nests of decaying vegetation, depending upon the
species. In some forms the female guards the nest
and several females may take turns in protecting a
communal nest. It has been reported that when the
young hatch the female may liberate them from the
nest and lead them to the nearest water.

Classification. The living species of crocodilians
are placed in two families and eight genera. The
family Crocodylidae contains two subgroups: the
true crocodiles, Crocodylinae, including the genera
Crocodylus found in all tropic areas, Osteolae-
mus in central Africa, and the false gavial (Tomis-
toma) in Malaya and the East Indies; the alliga-
tors and caimans, Alligatorinae, including the genera
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Alligator of the southeastern United States and near
Shanghai, China, the Caiman from Central and South
America, and Melanosuchus and Paleosuchus of
South America. The gavial (Gavialis gangeticus) of
India and north Burma is the only living member
of the family Gavialidae. Crocodiles differ most obvi-
ously from alligators and caimans in head shape and
in the position of the teeth, although other techni-
cal details also separate them (Figs. 2 and 3). The
gavial differs from other living forms in its extremely
long and narrow snout, with 27 or more teeth on
the upper jaw and 24 or more on the lower. Even
the false gavial (Tomistoma), which resembles the
gavial in head shape, has no more than 21 teeth on
the upper jaw and 20 on the lower. See ALLIGATOR;
CROCODILE; GAVIAL. Jay M. Savage; W. Ben Cash
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Vertebrates, 2 vols., 1981; S. P. Parker (ed.), Synop-
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1
Crocoite

A mineral with the chemical composition PbCrOj.
Crocoite occurs in yellow to orange or hyacinth red,
monoclinic, prismatic crystals with adamantine to
vitreous luster (see illus.); it is also massive granular.
Fracture is conchoidal to uneven. Hardness is 2.5-3
on Mohs scale and specific gravity is 6.0. Streak, or
color of the mineral powder, is orangish-yellow. It
fuses easily.

2cm

Needlelike crocoite crystals in association with cerussite
and dundasite, Dundas, Tasmania. (Specimen courtesy of
Department of Geology, Bryn Mawr College)

Crocoite is a secondary mineral associated with
other secondary minerals of lead such as pyromor-
phite and of zinc such as cerussite. It has been
found in mines in California and Colorado. See LEAD.

Edward C. T. Chao
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Crossing-over (genetics)

The process whereby one or more gene alleles pres-
entin one chromosome may be exchanged with their
alternative alleles on a homologous chromosome
to produce a recombinant (crossover) chromosome
which contains a combination of the alleles originally
present on the two parental chromosomes. Genes
which occur on the same chromosome are said to
be linked, and together they are said to compose
a linkage group. In eukaryotes, crossing-over may
occur during both meiosis and mitosis, but the fre-
quency of meiotic crossing-over is much higher. This
article is concerned primarily with meiotic crossing-
over. See ALLELE; CHROMOSOME; GENE; LINKAGE
(GENETICS).

Crossing-over is a reciprocal recombination event
which involves breakage and exchange between two
nonsister chromatids of the four homologous chro-
matids present at prophase I of meiosis; that is,
crossing-over occurs after the replication of chromo-
somes which has occurred in premeiotic interphase.
The result is that half of the meiotic products will be
recombinants, and half will have the parental gene
combinations (Fig. 1). Using maize chromosomes
which carried both cytological and genetical mark-
ers, H. Creighton and B. McClintock showed in 1931
that genetic crossing-over between linked genes
was accompanied by exchange of microscopically
visible chromosome markers. See RECOMBINATION
(GENETICS).

During meiosis, crossing-over occurs at the
pachytene stage, when homologous chromosomes
are completely paired. At diplotene, when homologs
separate, the sites of crossing-over become visible as
chiasmata, which hold the two homologs of a biva-
lent together until segregation at anaphase 1. Each
metaphase I bivalent will necessarily have at least
one chiasma. In favorable material, such as grasshop-
per spermatocytes, it is possible to observe that each
diplotene chiasma involves a crossover of two of the
four chromatids at one site.

Where two or more crossovers occur in one bi-
valent, they usually do not cluster together but are
widely separated; this is known as chiasma inter-
ference. The occurrence of one crossover event
appears to preclude the occurrence of a second
crossover in the immediate vicinity. In addition, the
distribution of occurrence of chiasmata along a chro-
mosome may be localized; the probability that a
crossover will occur is higher in some chromosome
segments and lower in other segments.

In general, the closer two genes are on a chromo-
some, that is, the more closely linked they are, the
less likely it is that crossing-over will occur between
them. Thus, the frequency of crossing-over between
different genes on a chromosome can be used to pro-
duce an estimate of their order and distances apart;
this is known as a linkage map. See GENETIC MAP-
PING.

Molecular mechanisms. Since each chromatid is
composed of a single deoxyribonucleic acid (DNA)
duplex, the process of crossing-over involves the
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breakage and rejoining of DNA molecules. Although
the precise molecular mechanisms have not been
determined, it is generally agreed that the follow-
ing events are necessary: (1) breaking (nicking) of
one of the two strands of one or both nonsister
DNA molecules; (2) heteroduplex ¢hybrid DNA) for-
mation between single strands from the nonsister
DNA molecules; (3) formation of a half chiasma,
which is resolved by more single-strand breakages
to result in either a reciprocal crossover, a non-
crossover, or a nonreciprocal crossover (conversion
event).

Two molecular models of recombination which
have gained credence are those of R. Holliday and of
M. Meselson and C. Radding. Holliday’s model pos-
tulates nicks in both chromatids at the initiation of
crossing-over (Fig. 2). Meselson and Radding postu-
late single-strand cut in only one DNA strand. Repair
synthesis displaces this strand, which pairs with its
complement on the other chromatid, thereby dis-
placing and breaking the other strand of that DNA
molecule. Following pairing and ligation of the two
remaining broken ends, a half chiasma is formed.
Other models have been postulated in which recom-
bination is initiated by a double-stranded break in
one chromatid. In all the above models, gene conver-
sion can occur in the middle region of the molecules
(with or without outside marker crossing-over) by
mismatch repair of heteroduplex DNA.

Ultrastructural cytology. Pachytene, the meiotic
stage at which crossing-over is considered to occur,
corresponds with the period of close pairing or
synapsis of homologous chromosomes. Electron mi-
croscopy has revealed that proteinaceous struc-
tures, the synaptonemal complexes (Fig. 3), are
involved in the synapsis of chromosomes. A synap-
tonemal complex forms during zygotene by pair-
ing of axial elements from two homologous chro-
mosomes. It is present along the whole length of
each pachytene bivalent and disappears at diplotene.
Evidence from inhibitor studies and mutant stocks
shows that the synaptonemal complex is necessary
for meiotic crossing-over to occur. However, in cases
such as desynaptic mutants, some hybrids, and the
female silkworm, complete pachytene synaptonemal
complexes have been observed, but no crossing-
over occurs, showing that the synaptonemal com-
plex alone is not sufficient to cause crossing-over.

In Drosophila melanogaster oocytes, the occur-
rence at pachytene of dense spherical bodies bridg-
ing the central region of the synaptonemal complex
has been described. These bodies coincided in num-
ber and position with expected crossover events,
and therefore were named recombination nodules.
A variety of oval and bar-shaped recombination nod-
ules (Fig. 3) have also been found in organisms as di-
verse as fungi, humans, rat, silkworm, and maize. In
many cases their number correlates with crossover
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Fig. 2. Molecular model of recombination, based on that of R. Holliday. Only the two recombinant chromatids are shown.
(a) Two homologous nonsister chromatid DNA molecules, with gene loci ab and AB, respectively; arrows are paired nicking
sites. (b) After single-strand nicks at equivalent sites in both chromatids, nicked strands separate. (c) Nicked strands are
displaced and reanneal to opposite duplex forming a half chiasma. (d) Migration of half chiasma increases length of
heteroduplex DNA. (e) Isomerization of structure in d by rotation gives open half-chiasma form; paired nicks occur in two
strands. (f) Nicks at X,X resolve the half chiasma into reciprocal crossover chromatids aB and Ab, with heteroduplexes in
middle regions; or (g) nicks at Y,Y resolve the half chiasma into noncrossover chromatids ab and AB, with heteroduplexes in

middle regions.

frequency. It has been suggested that recombination
nodules are prerequisites for crossing-over. If this is
so, the recombination nodule may represent a com-
plex of enzymes involved in the early events of re-
combination (nicking, strand separation, repair syn-
thesis).

DNA repair synthesis has been observed during
pachytene in lily microsporocytes, and has been
shown to be reduced in an achiasmatic mutant.
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Fig. 3. Longitudinal section of a synaptonemal complex
with a recombination nodule.

Prophase 1 of lilies is characterized by the pres-
ence of several proteins which could have a role
in crossing-over, for example, DNA binding protein,
endonucleases, ligases, and kinase. Inhibition of pro-
tein synthesis at zygotene-pachytene results in failure
of crossing-over. Thus both DNA synthesis and pro-
tein synthesis appear necessary for meiotic crossing-
over in lily. See MEIOSIS; MITOSIS.

Sex chromosomes. The differentiated X and Y sex
chromosomes in human males and many animals (Z
and W chromosomes in female birds) have small
regions near one tip which undergo pairing and
crossing-over at meiotic prophase I. Electron mi-
croscopy of the pachytene XY reveals the forma-
tion of a short synaptonemal complex segment with
a recombination nodule in the majority of cases;
the presence of a chiasma between the X and Y at
metaphase I indicates the occurrence of crossing-
over. An obligatory crossover in the XY bivalent is
necessary to ensure regular segregation of X and Y to
opposite poles at anaphase I. The pairing region con-
tains a few gene loci on both X and Y chromosomes
which exhibit an autosomallike inheritance pattern.
Recombination between genes and DNA sequences
in this pseudoautosomal region confirms the occur-
rence of obligatory crossing-over. The rare occur-
rence of XX males in some cases is accounted for
by abnormal recombination events outside the pseu-
doautosomal region which have transferred the male
sex-determining gene from the Y to the X chromo-
some. See SEX DETERMINATION; SEX-LINKED INHERI-
TANCE. C. B. Gillies
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1
Crosstalk

Interference in a communications channel (dis-
turbed channel) caused by activity in other commu-
nications channels (disturbing channels). The term
was originally used to denote the presence in a tele-
phone receiver of unwanted speech signals from
other conversations, but its scope has been extended
by common usage to include like effects in other
types of communications.

Causes. The cause of crosstalk is some form of cou-
pling mechanism between the disturbed channel and
the disturbing channels. Communications channels
are normally segregated by space, frequency, time,
code, or polarization division, or by some combina-
tion of the five, to avoid such coupling, but economic
and other constraints often preclude complete seg-
regation.

Space division. In space-division segregation, each
communication channel is assigned its own trans-
mission medium, for example, a pair of wires is a
multipair cable (see illus.) or a separate radio prop-
agation path. Coupling between channels is caused
by the physical proximity and relative orientation
of the transmission media. The coupling is usually
electromagnetic, a linear phenomenon that is inde-
pendent of signal level in the channels. See ELECTRO-
MAGNETIC COMPATIBILITY.

Frequency division. In frequency-division segregation,
a single, common transmission medium (for ex-
ample, a coaxial cable system) is used to provide
many communications channels, and each channel
is assigned a separate frequency band within the
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Crosstalk in a space-division system. Zy, Z,, Z3, and Z,
designate impedances.

medium. A signal is placed in its channel by am-
plitude modulation (AM) or angle modulation fre-
quency modulation (FM) or phase modulation (PM).
With AM systems, nonlinearities in the transfer char-
acteristics of system elements create harmonic, or
intermodulation, distortion. Typically, nonlinearities
are introduced by system amplifiers that are used
to compensate for loss in the medium. Intermodu-
lation products (distortions) have frequencies that
are combinations (sums, differences, multiples) of
the frequencies of the signals being carried by the
system. Thus, nonlinearities spawn many coupling
paths among the channels of the system. The cou-
pling is nonlinear, that is, the losses of the paths are
functions of signal amplitudes. In angle-modulation
systems, the principal cause of intermodulation dis-
tortion is frequency dependency in the amplitude
and delay characteristics of the transmission medium
(including amplifiers), but variation of the delay
characteristic of the medium as a function of sig-
nal level (AM to PM conversion) can also cause
intermodulation distortion. The resulting coupling
paths among the channels of the system are similar
to those in an AM system. See AMPLITUDE MOD-
ULATION; DISTORTION (ELECTRONIC CIRCUITS); FRE-
QUENCY MODULATION; MODULATION; PHASE MODU-
LATION.

Time division. In time-division segregation, a single
common transmission medium is time-shared to pro-
vide many communications channels, with each
channel allotted a separate time interval. These may
be assigned on the basis of relative activity among
the channels, or each channel may be periodically
assigned a like interval regardless of activity, which
is usually the case with digital systems. Interchan-
nel coupling is the result of the presence of vestigial
energy in the transmission medium from previous
channel assignments. The coupling tends to be lin-
ear (the loss tends to be independent of signal ampli-
tude), and often involves an impedance that is com-
mon to both the disturbing and disturbed channels.
See PULSE MODULATION.

Code division. In code-division segregation, which
is generally used by spread-spectrum communica-
tions systems, each communications channel is mod-
ulated by a coding sequence that is orthogonal to
the coding sequences of the other channels. Perfect
orthogonality is generally not achieved due to imper-
fections, like finite-length coding sequences, which
cause some crosstalk. See SPREAD SPECTRUM COMMU-
NICATION.

Polarization division. In polarization-division segrega-
tion, transmissions are isolated from each other by
use of opposite polarizations (for example, right-
hand versus left-hand circular polarizations or ver-
tical versus horizontal linear polarizations). Perfect
cross-polarization isolation is not attainable due to
antenna effects, antenna alignments, and variations
of the transmission medium, leading to some degree
of crosstalk. See POLARIZATION OF WAVES.

Classification. Crosstalk is classified in a variety of
ways. The type of coupling (electromagnetic, inter-
modulation, or common impedance) indicates the

Crosstalk
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mechanism. The terms near-end crosstalk (NEXT)
and far-end crosstalk (FEXT) indicate the relative
directions of signal propagation in the disturbed
and disturbing channels (see illus.). The terms di-
rect crosstalk, where the disturbing channel cou-
ples directly to the disturbed channel, and indirect
crosstalk, where the coupling path between disturb-
ing and disturbed channels involves a third, or ter-
tiary, channel, are often used to further describe
crosstalk caused by electromagnetic coupling. In-
teraction crosstalk (IXT) is a term used to further
describe indirect crosstalk that couples from the
disturbing channel to the tertiary channel at one
place, propagates along the tertiary channel, and
subsequently couples into the disturbed channel at
another place. Transverse crosstalk is a term that in-
cludes all direct and indirect crosstalk that is not in-
teraction crosstalk.

Intelligible crosstalk is understood by the receiver
of the disturbed channel, whereas nonintelligible
crosstalk is not. Intelligible crosstalk most often
occurs between channels carrying similar analog
signals, such as analog speech signals. Intelligible
crosstalk between channels, one of which is carry-
ing a digital signal, or between channels carrying
different types of analog signals (a voice signal and
a video signal) is less likely to occur because the re-
ceiver does not comprehend the information in the
disturbing signal. Nonintelligible crosstalk often af-
fects the receiver in much the same way as noise,
but in some cases it may be nearly intelligible, for
example, cross-talk from one analog speech channel
to another where intermodulation coupling has in-
verted the frequency spectrum without masking the
syllabic nature of the disturbing speech signal. See
ELECTRICAL NOISE.

Quantitative measures. The magnitude of crosstalk
that becomes disruptive to a communications chan-
nel depends on many factors: the type of signals in-
volved, the intelligibility of the crosstalk, the acuity
of the receiver, the activity factors for the channels,
and so on. In some cases crosstalk affects the dis-
turbed channel in much the same way as noise, and
signal-to-noise ratios are applicable measures. Digital
channels tend to be of this nature. Typically, binary
(two-level) digital signals require peak signal-to-
root-mean-square noise ratios equal to, or better
than, about 20 dB (voltage or current ratios of 10:1
or better). Crosstalk from one analog video chan-
nel to another produces an effect much different
from noise, but a signal-to-interference ratio is an
appropriate measure because the primary signal
is usually present. Peak signal-to-peak interference
ratios of 60 dB or better (voltage or current ra-
tios of 1000:1 or better) are generally required for
good reception of such signals. See SIGNAL-TO-NOISE
RATIO.

In other cases, such as intelligible crosstalk in
telephony, signal-to-crosstalk ratios are not applica-
ble measures because the primary signal is not al-
ways present to mask the interference. In telephony,
detection of intelligible crosstalk by the receiver
is particularly disruptive—it does not really distort

the primary signal, but it represents a breach of
privacy—the detection of nonintelligible crosstalk
that seems to be intelligible (of a syllabic nature)
is almost as disruptive. Ever-present noise in the
disturbed channel tends to mask crosstalk detec-
tion. To prevent detection, the noise power must
exceed the crosstalk power by about 10 dB (noise-
to-crosstalk power ratio of 10:1). When a disturbed
telephony channel has very little noise, the typical re-
ceiver can detect crosstalk levels of about —85 dBm
(—85 decibels below 1 milliwatt, or 3 x 1072 mW).
For comparison, a typical level for the primary signal
at the receiver is about —25 dBm (3 x 1073 mW). Ob-
jectives for the crosstalk performance of a telephony
network are often expressed by crosstalk index,
a measure of the probability of the detection of
intelligible crosstalk during the course of a telephone
call. Values for crosstalk index are expressed in per-
centages, and typical values are less than 1%. See
DECIBEL.

Remedies. Most remedies for reducing crosstalk
entail some technique for decreasing coupling
among the communications channels involved. The
use of twisted pairs in multipair cables, of shielding
for each pair, or of coaxial conductors and optical
fibers in place of pairs are common techniques for
reducing electromagnetic coupling where space di-
vision alone is not adequate. Improved control of
signal levels and improved linearity in amplifiers are
effective for frequency-division systems. Often such
improvements are made possible by advances in
technology. Selection of the appropriate type of mod-
ulation (AM, FM, PM) is also important. Crosstalk
within multichannel digital systems that transport
digital versions of analog signals can be reduced with
the help of a separate coder-decoder for each analog
channel in place of a common, time-shared coder-
decoder for all channels. See ELECTRICAL SHIELDING;
OPTICAL FIBERS.

Signal processing in the disturbed channel can
sometimes be effective in reducing crosstalk. Syl-
labic compandors, which are sometimes used with
telephony channels on analog carrier systems to re-
duce noise in silent intervals during conversations,
are effective in reducing crosstalk as well. Pulse shap-
ing (modification of the signal spectrum) can be ef-
fective in reducing crosstalk between digital trans-
mission systems and in reducing intersymbol inter-
ference within a digital transmission system. One
of the most important tools for control of crosstalk
is spectrum management, a systematic approach to
the assignment of frequency bands, signal levels,
and the like in such way as to offer the most ef-
ficient use of the transmission media. See ELECTRI-
CAL COMMUNICATIONS; ELECTRICAL INTERFERENCE;
RADIO SPECTRUM ALLOCATIONS; TELEPHONE SERVICE.

Jonathan W. Smith

Bibliography. Bell Telephone Laboratories, Trans-
mission Systems for Communications, 5th ed.,
1982; Bellcore and Bell Operating Companies,
Telecommunications Transmission Engineering,
vol. 1: Principles, 3d ed., 1990; C. Walker, Capac-
itance, Inductance, and Crosstalk Analysis, 1990.
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Crown gall

A neoplastic disease of primarily woody plants, al-
though the disease can be reproduced in species rep-
resenting more than 90 plant families. The disease
results from infection of wounds by the free-living
soil bacterium Agrobacterium tumefaciens which
is commonly associated with the roots of plants.
The first step in the infection process is the site-
specific attachment of the bacteria to the plant
host. Up to half of the bacteria become attached
to host cells after 2 h. At 1 or 2 weeks after in-
fection, swellings and overgrowths take place in
tissue surrounding the site of infection, and with
time these tissues proliferate into large tumors (see
illus.). If infection takes place around the main stem
or trunk of woody hosts, continued tumor prolifer-
ation will cause girdling and may eventually kill the
host. Crown gall is therefore economically impor-
tant, particularly in nurseries where plant material
for commercial use is propagated and disseminated.
Crown gall tumors can be cultured free of bacteria
on synthetic, defined media and, under proper condi-
tions, can reinitiate tumors when grafted back onto
healthy plants. Unlike healthy normal cells, crown
gall tumor cells do not require an exogenous source
of phytohormones (auxins and cytokinin) for growth
in culture because they readily synthesize more than
sufficient quantities for their own growth. The tumor
cells also synthesize basic amino acids, each conju-
gated with an organic acid, called opines. Octopine
and nopaline are opines that are condensation prod-
ucts of arginine and pyruvic acid, and arginine and

Crown gall on peach.
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2-ketoglutaric acid, respectively. The tumor cells also
grow about four times faster and are more permeable
to metabolities than normal cells.

These cellular alterations, such as the synthesis of
opines and phytohormone regulation, result from
bacterial genes introduced into host plant cells by
A. tumefaciens during infection. Although it is not
understood how these genes are introduced into the
plant cell, the genes for the utilization of these opines
and for regulating phytohormone production have
been found to be situated on an extrachromosomal
element called the pTi plasmid. This plasmid, har-
bored in all tumor-causing Agrobacterium species,
also carries the necessary genetic information for
conferring the tumor-inducing and host-recognition
properties of the bacterium. It is thus possible to
convert avirulent strains of A. tumefaciens and re-
lated species to virulent forms by introducing the
pTi plasmid into them through standard microbial
genetic procedures. Also, the host range of a given
Agrobacterium can be modified by introducing a pTi
plasmid from a bacterial strain having a different host
range.

Analyses made of crown gall nuclear genetic ma-
terial (DNA) have revealed the presence of a spe-
cific segment of pTi plasmid DNA known as the T-
DNA. Several distinct genes such as chloramphenicol
acetyltransferase, and f-galactosidase have been in-
serted into the "-DNA by recombinant DNA methods.
These genes can be introduced into plants through
infection by A. tumefaciens carrying a pTi plasmid
with one of these genes inserted in an appropriate
location within the T-DNA. These molecular and ge-
netic manipulations have made it feasible to geneti-
cally modify plants for desirable traits, a procedure
popularly called genetic engineering.

Transfer of the T-DNA requires a set of genes that
are clustered in another region of the pTi plasmid,
known as the vir region. Vir region genes are es-
sential for virulence of A. tumefaciens, and seem
to respond to signals from wounded plant tissue.
Although these signals remain to be identified, the
interactions with the vir genes suggest a long-time
association and dependency of A. tumefaciens with
its host plants. Consequently, crown gall is a result
of this unique bacteria-plant interaction, whereby A.
tumefaciens genetically engineers its host to pro-
duce undifferentiated growth in the form of a large
tumor, in which there is the synthesis of a unique
food source in the form of an opine for specific
use by the bacterial pathogen. See BACTERIAL GE-
NETICS; GENETIC ENGINEERING; PLANT HORMONES;
PLANT PATHOLOGY. Clarence J. Kado

|
Crushing and pulverizing

The reduction of materials such as stone, coal, or
slag to a suitable size for their intended uses such
as road building, concrete aggregate, or furnace fir-
ing. Crushing and pulverizing are processes in ore
dressing needed to reduce valuable ores to the fine
size at which the valueless gangue can be separated
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Crushing specifications
Reduction
Category Feed Product ratio Equipment used
Primary crushing 27-12in. (69-30 cm) 9-4 in. (23-10 cm) 3:1 Jaw, gyratory, cone
Secondary crushing 9-4in. (23-10 cm) 1=/ in. (25-13 mm) 9:1 Hammer mill, jaw,
(one or two stages) gyratory, cone,
smooth roll, and
toothed rolls
Pulverizing 1-1/ in. (25-13 mm) 60-325 mesh 60:1 Ball and tube, rod,
hammer, attrition, ball
race, and roller mills

from the ore. These processes are also used to reduce
cement rock to the fine powder required for burn-
ing, to reduce cement clinker to the very fine size
of portland cement, to reduce coal to the size suit-
able for burning in pulverized form, and to prepare
bulk materials for handling in many processes. See
MATERIALS-HANDLING EQUIPMENT; ORE DRESSING.

Equipment suitable for crushing large lumps as
they come from the quarry or mine cannot be used to
pulverize to fine powder, so the operation is carried
on in three or more stages called primary crushing,
secondary crushing, and pulverizing (see table). The
three stages are characterized by the size of the feed
material, the size of the output product, and the re-
sulting reduction ratio of the material. The crushing-
stage output may be screened for greater uniformity
of product size.

Reduction in size is accomplished by five principal
methods: (1) crushing, a slow application of a large
force; (2) impact, a rapid hard blow as by a hammer;
(3) attrition, a rubbing or abrasion; (4) sudden release
of internal pressure; and (5) ultrasonic forces. The
last two methods are not in common use.

Crushers. All the crushers used in primary and
secondary crushing operate by crushing as defined
above except the hammer mill, which is largely im-
pact with some attrition.

Primary crushers. The Blake jaw crusher using a dou-
ble toggle to move the swinging jaw is built in a vari-
ety of sizes from laboratory units to large sizes having
a feed inlet 84 by 120 in. (213 by 305 cm; Fig. 1).
Large units have a capacity of over 1000 tons/h
(900 metric tons/h) and produce a 9-in. (23-cm)
product. The Dodge jaw crusher uses a single toggle

feed inlet

eccentric

double
toggle

/
feed outlet

Fig. 1. Blake-type jaw crusher. (Allis Chalmers Co.)

L___concave
ring

product _ €
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Fig. 2. Gates-type gyratory crusher. (Allis Chalmers Co.)

or eccentric and is generally built in smaller sizes.

The Gates gyratory crusher has a cone or mantle
that does not rotate but is moved eccentrically by
the lower bearing sleeve (Fig. 2). A 42- by 134-in.
(107-by 340-cm) crusher has a capacity of 850 tons/h
(770 metric tons/h), crushing rock from 27 to 8 in.
(69 to 20 cm).

The Symons cone crusher also has a gyratory mo-
tion, but has a much flatter mantle or cone than
does the gyratory crusher (Fig. 3). The top bowl is
spring-mounted. It is used as a primary or secondary
crusher.

Angle of nip is the largest angle that will just grip
a lump between the gyratory mantle and ring, be-
tween the smooth jaws of a jaw crusher, or between
the pair of smooth rolls. Depending on the material,
it is 8-48°, but 32° is commonly used.

Secondary crushers. The single-roll crusher and the
double-roll crusher have teeth on the roll surface and
are used mainly for coal (Fig. 4). Single-roll crushers
36 in. (91 cm) in diameter by 54 in. (137 cm) long
have a capacity of 275 tons/h (250 metric tons/h)
crushing run-of-mine coal to 1'/4-in. (32-mm) ring
size. Smooth rolls without teeth are sometimes used



bowl liner

mantle

drive shaft

eccentric——

Fig. 3. Symons cone crusher. (Nordberg Co.)

(a)

(b)

Fig. 4. Types of roll crusher. (a) Single-roll. (b) Double-roll.
(Link Belt Co.)

for crushing ores and rocks.

The hammer crusher is the type of secondary
crusher most generally used for ore, rock, and coal
(Fig. 5). The reversible hammer mill can run alter-
nately in either direction, thus wearing both sides
of the hammers (Fig. 6a). A hammer mill 42 in.
(107 cm) in diameter by 82 in. (208 cm) long crushes
300 tons/h (270 metric tons/h) of coal to '/ in.
(6 mm) for coke oven feed. The ring coal crusher
is a modification of the hammer mill using rings in-
stead of hammers (Fig. 60).

Pulverizers. In open-circuit pulverizing, the mate-
rial passes through the pulverizer once with no re-
moval of fines or recirculation.

In closed-circuit pulverizing, the material dis-

Crushing and pulverizing

charged from the pulverizer is passed through an
external classifier where the finished product is re-
moved and the oversize is returned to the pulverizer
for further grinding.

swing
hammers

grid bars

Fig. 5. Hammer crusher, a secondary crusher for ore, rock,
and coal. (Jeffrey Co.)
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Fig. 6. Two examples of coal crusher. (a) Hammer mill type.
(b) Ring type. (Penna Crusher)
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Fig. 7. Pulverizers. (a) Open-circuit type with preliminary
ball mill stage followed by tube mill. (b) Open-circuit three-
compartment tube mill. (c) Closed-circuit tube mill with an
air separator.

Ball and tube mills, rod mills, hammer mills, and at-
trition mills are pulverizers operating by impact and
attrition. In ball race and roller pulverizers, crushing
and attrition are used.

Buhrstone pulverizer. The Buhrstone pulverizer is one
of the oldest forms of pulverizers; a few still oper-
ate in flour and feed mills. The pulverizing is done
between a rotating lower stone and a floating upper
stone, which is restrained from rotating. Modern pul-
verizers use tumbling or rolling action instead of the
grinding action of such earlier mills. For example,
smooth double rolls are used for pulverizing flour
and other materials. See BUHRSTONE MILL.

Tumbling pulverizers. There are two principal classes
of tumbling pulverizer. Both consist of a horizontal
rotating cylinder containing a charge of tumbling or
cascading steel balls, pebbles, or rods. If the length
of the cylinder is less than 2-3 diameters, it is a ball
mill. If the length is greater than 3 diameters, it is a
tube mill. Both types are extensively used in ore and
rock pulverizing where the material is abrasive, as it
is easy to add balls during operation. See TUMBLING
MILL.

Ball mills charged with large steel balls 2-3 in.
(5-8 cm) in diameter are often used as preliminary
pulverizers in series with a tube mill in open cir-

cuit (Fig. 7a). The Krupp mill is a preliminary ball
mill which discharges the material through a screen
which forms the cylindrical surface.

Pebble mills use balls and liners of quartz for ap-
plication where contamination of the product with
iron would be detrimental. For products coarser than
6 mesh, steel rods are sometimes used instead of
balls. See PEBBLE MILL.

In some cement plants and many mining opera-
tions, ball, tube, rod, and pebble mills operate wet,
water being added with the feed and the product
being discharged as a slurry. Rake or cone type clas-
sifiers are used in closed circuits that employ wet
grinding.

Tube mills for fine pulverization are used exten-
sively in open circuit, or as compartment mills, or
as closed-circuit mills (Fig. 7). A three-compartment,
grate-discharge tube mill has larger balls in the first,
medium-size balls in the second, and smaller balls in
the third compartment (Fig. 8).

Cascade pulverizers are another form of tumbling
pulverizer; they use the large lumps to do the pul-
verizing. The Aerfall pulverizer is built in diameters
up to 16 ft (5 m). Feed is 12- to 18-in. (30- to 46-cm)
lumps and the unit is airswept with an external clas-
sifier. A few steel balls are sometimes used but not
over 2!/,% of the volume.

The airswept conical ball mill is used in closed
circuit with an external air classifier (Fig. 9). The

finished
roduct out

Fig. 8. Three-compartment tube mill pulverizer, containing
three sizes of balls. (Hardinge Co., Inc.)
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Fig. 9. Conical ball mill pulverizer in closed circuit with
classifier. (Hardinge Co., Inc.)
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Fig. 10. A pulverizer of the airswept pendulum type. (Raymond Pulverizer Division, Combustion Engineering Co.)

conical shape of the mill classifies the balls, keeping
the large balls at the feed end, where they are needed
to crush the larger lumps, and the smaller balls at
the small discharge end where the material is finer.
This conical ball mill is also used extensively in open
circuit in rocks and ores.

Roller pulverizers. The airswept pendulum roller pul-
verizer has rollers pivoted from a rotating spider
on a vertical shaft; the centrifugal force of the
rollers supplies the pressure between rollers and
ring. Hot air enters below the rollers and picks up
the fines. The rotating rollers and spider provide
a centrifugal classifying action which returns the
oversize to the pulverizing zone. For higher fine-
ness a rotating classifier is added in the top housing
(Fig. 10).

The ball race pulverizer uses large steel balls be-
tween races (Fig. 11). The bottom race is fixed, the
intermediate race is rotated through driving lugs, and
the top races are restrained from rotating by stops
and are loaded by the springs. The material flows by
centrifugal force from the center outward through
the 12!/4-in. (31-cm) and 9'/,-in. (23.5-cm) balls. A
ball race unit in closed circuit with an air separator
is used for pulverizing cement rock.

Screens. Material is separated into desired size
ranges by screening. For products 2 in. (5 cm)
or larger, an open-end perforated cylindrical rotary
screen is used. It is on a slight inclination, and the
undersize goes through the holes and the oversize
passes out through the open lower end.

For finer products from 2 in. (5 cm) down to fine

feed and tailings inlet
springs

floating top ring

12V4in. balls
/ intermediate
——driving ring

9L4in. /

balls fixed bottom

ring
driving
lugs

drive
shaft

discharge
spout

Fig. 11. Ball race rock pulverizer for use in closed circuit. (Babcock and Wilcox Co.)
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powder passing through a 200-mesh sieve, shaking
or vibrating screens of woven wire are used.
Shaking screens have either an eccentric drive
or an unbalanced rotating weight to produce the
shaking. Vibrating screens have electric vibrators
(Fig. 12). They are often hung by rods and springs
from overhead steel, giving complete freedom to
vibrate. In some applications the screen is double
decked, thus producing three sizes of product.
Direct-fired pulverizers for coal. Most modern large
coalfired furnaces are fed directly by the pulverizer,
the coal rate being regulated by the rate of pulveriz-
ing. Air at 300-600°F (150-315°C) is supplied to the
pulverizer to dry and preheat the coal. In a bowl-type
medium-speed pulverizer, the springs press the piv-
oted stationary rolls against the rotating bowl grind-
ing ring, crushing the coal between them (Fig. 13).

Fig. 12. Vibrating screen classifier. (Jeffrey Co.)

stationary classifier

springs
\
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Fig. 13. Medium-speed bowl-mill coal pulverizer, which
feeds burners. (Combustion Engineering Co.)
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Fig. 14. Medium-speed ball race coal pulverizer, operated

under pressure. 10"/, in. = 27 cm. (Babcock and Wilcox Co.)
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Fig. 15. Slow-speed coal pulverizer of the ball mill type;
classifier sorts out oversize. (Foster Wheeler Corp.)

The self-contained stationary cone classifier returns
the oversize to the pulverizing zone.

The medium-speed pulverizer of the ball race type
uses closely spaced 18-in.-diameter (46-cm) balls be-
tween a lower rotating race and a floating top race
(Fig. 14). The single coil springs restrain the top
race and also apply the pressure needed. A station-
ary cone classifier is used. This pulverizer operates
under pressure, using a blower on the clean inlet air
instead of an exhauster on the coal-laden outlet air.

Slow-speed pulverizers of the ball mill type have
classifiers and return the oversize for regrinding on
both ends (Fig. 15).

High-speed pulverizers usually incorporate multi-
ple stages such as a preliminary hammer mill and a
secondary pulverizing stage. A built-in exhaust fan
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Fig. 16. High-speed coal pulverizer. (Riley Stoker Corp.)

exhausts the fuel and air from the unit (Fig. 16). See
BALL-AND-RACE-TYPE PULVERIZER. Ralph M. Hardgrove

Bibliography. R. H. Perry and D. W. Green (eds.),
Perry’s Chemical Engineers’ Handbook, 7th ed.,
1997; C. L. Prasher, Crushing and Grinding Process
Handbook, 1987.
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Crustacea

An extremely diverse, species-rich group of arthro-
pods that have inhabited marine environments since
the beginning of the Cambrian Period. In some ways,
they may be thought of as the marine equivalents of
the insects. Within the marine realm the crustaceans
occupy as varied a spectrum of habitats as the in-
sects inhabit on land. The Crustacea currently are re-
garded as a subphylum in the monophyletic phylum
Arthropoda, although debate about this rank contin-
ues among carcinologists.

The Crustacea are one of the most complex animal
groups to define because of their great diversity of
structure, habit, habitat, and development. No one
character or generalization will apply equally well to
all. The adults of some aberrant or highly specialized
parasitic species are not recognizable as crustaceans,
and evidence of their kinship rests on knowledge
of their life histories. Virtually every form of marine
animal life, as well as a number of freshwater and
even terrestrial animals, has its crustacean parasites.

Characterization

Unlike the other arthropod subphyla, the Crustacea
exhibit not one but several body plans (Bauplcdine)
indicative of higher taxa within the subphylum. In
addition to the chitinous exoskeleton—which may
vary from thin, almost membranous and transparent
to thick and impregnated with calcium carbonate—
all crustaceans, unless unduly modified for a para-
sitic lifestyle, have a segmented body differentiated
into dorsal tergites and ventral sternites, with each
somite bearing a pair of appendages. Cephalic seg-

mentation varies little among the crustacean classes,
consisting of five, often fused somites with paired an-
tennules, antennae, mandibles, maxillules, and max-
illae on somites 1-5, respectively. The eyes are borne
on an acronal region considered by some to be pre-
segmental and by others to represent a sixth cephalic
somite. Traditionally, the postcephalic body “trunk”
was divided into a thorax (with a variable number of
somites in lower, or less morphologically advanced,
crustaceans and eight in higher taxa) and an ab-
domen (also with a variable number of somites in
lower crustaceans but only six or seven in higher
taxa). However, recent advances in developmental
genetics have broadened the interpretation of trunk
segmentation. Based at least in part on Hox gene
expression patterns, the crustacean trunk now is de-
lineated by the presence or the anteriormost expres-
sion of the Hox gene Abd-B. The trunk is divided
into a thorax, defined as the region just posterior to
the cephalon, which is differentiated from posterior
regions by a structurally distinct set of appendages,
and which is anterior to or coincident with the ante-
riormost expression of Abd-B; and a pleon, defined
as the region posterior to the thorax, which is differ-
entiated by a structurally distinct set of limbs (which
may be reduced or absent), and which is typically
posterior to the gonopores (and the postulated ante-
riormost expression of Abd-B.) Posterior to the trunk
is the abdomen, defined as the region posterior to the
trunk that lacks appendages; it is posterior to the ex-
pression of Abd-B and exhibits no expression of Hox
genes. See DEVELOPMENTAL GENETICS.

Distribution and Ecology

The Crustacea are ubiquitous. They live at almost all
depths and levels of the sea, in freshwaters at ele-
vations up to 12,000 ft (3658 m), in melted snow
water, in the deepest sea abysses more than 6 mi
(9 km) down, and in waters of 0°C (32°F) tempera-
ture. They also live on land, in trees, and in moun-
tains, although most of these species must descend
to salt water areas again to spawn their young. Some
live in strongly alkaline waters and others in salt
water that is at the saturation point; still others exist
in hot springs and hydrothermal vents with temper-
atures in excess of 55°C (131°F). Species such as
shrimps, prawns, crabs, or lobsters (Fig. 1) are famil-
iar. However, there are many more with vernacular
names such as water fleas, beach fleas, sand hoppers,
fish lice, wood lice, sow bugs, pill bugs, barnacles,
scuds, slaters, and krill or whale food, and many with
no vernacular names at all.

All crustaceans of sufficient size, if not directly
eaten by people somewhere in the world, are used as
bait for food. Only a very few, if properly prepared,
have proved to be poisonous. Myriads of small fry
are the sustenance of larger aquatic animals, chiefly
fish and whales. Crustaceans come in all sizes, from
minute and microscopic (less than 1 millimeter in
total length) to very large with spans in excess of 12
ft (3.7 m) from tip to tip of the laterally extended
legs. Individuals of the giant xanthid crab of Aus-
tralia have been recorded weighing 20 to 30 Ib (9 to
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Fig. 1. Some crustaceans in their respective habitats, mostly reduced but not to same scale. Orders are in parentheses.
(a) Marine forms and common names: Pollicipes, goose barnacle; Balanus, acorn barnacle; Mysis, opossum shrimp;
Orchestia, sand hopper; Caprella, skeleton shrimp; Crangon, shrimp; Panulirus, spiny rock lobster; Pagurus, hermit crab;
Cancer, edible crab; Uca, fiddler crab; Squilla, mantis shrimp. (b) Freshwater forms and common names if recognized.
Branchinecta, fairy shrimp; Daphnia, water flea; Eucypris, seed or mussel shrimp; Lepidurus, tadpole shrimp; Cyclops,
copepod; Porcellio, sow bug (on land); Cambarus, crayfish. (After T. I. Storer et al., General Zoology, 6th ed., McGraw-Hill,
1979)

14 kg), and the American lobster, the heaviest crus- orous; and some are vegetarian. Among the vegetar-
tacean known, can weigh 44 1b (20 kg). ians are the grazers of the ocean meadows, which

Most crustaceans are omnivorous and essentially convert the microscopic plant life (diatoms) into
scavengers. Many are filter feeders and screen par- flesh and food for larger animals, which in turn are
ticulate life, plankton, and organic detritus from the harvested as food for humans. See FEEDING MECHA-

waters in which they live; others are largely carniv- NISMS (INVERTEBRATE).



Taxonomy

Although disagreement persists regarding elements
of the hierarchical classification of the Crustacea, in
recent years a consensus, for the most part, has been
reached. Still contentious is the class Maxillopoda,
for which no clearly defined, single “good” character
is shared by the various assigned taxa. Nonetheless,
until such time as molecular, fossil, and morpholog-
ical studies on members of the class provide some
level of compromise, it seems in the best interest of
nomenclatorial stability to continue to recognize the
class Maxillopoda. See MAXILLOPODA.

The current crustacean classification scheme
(based on Martin and Davis, 2001) is as follows (see
separate articles on many of these texa):

Subphylum Crustacea
Class Branchiopoda
Subclass Sarsostraca
Order Anostraca
Subclass Phyllopoda
Order: Notostraca
Diplostraca
Class Remipedia
Order Nectiopoda
Class Cephalocarida
Order Brachypoda
Class Maxillopoda
Subclass Thecostraca
Infraclass Fascetotecta
Infraclass Ascothoracida
Order: Laurida
Dendrogastrida
Infraclass Cirripeda
Superorder Acrothoracica
Order: Pygophora
Apygophora
Superorder Rhizocephala
Order: Kentrogonida
Akentrogonida
Superorder Thoracica
Order: Pedunculate
Sessilia
Subclass Tantulocarida
Subclass Branchiura
Order Arguloida
Subclass Pentastomida
Order: Cephalobaenida
Porocephalida
Subclass Mystacocarida
Order Mystacocaridida
Subclass Copepoda
Infraclass Progymnoplea
Order Platycopioida
Infraclass Neocopepoda
Superorder Gymnoplea
Order Calanoida
Superorder Podoplea
Order: Misophrioida
Cyclopoida
Gelyelloida
Mormonilloida

Order: Harpacticoida
Poecilostomatoida
Siphonostomatoida
Monstrilloida

Class Ostracoda
Subclass Myodocopa

Order: Myodocopida

Halocyprida
Subclass Podocopa
Order: Platycopida
Podocopida
Class Malacostraca
Subclass Phyllocarida
Order Leptostraca
Subclass Hoplocarida
Order Stomatopoda
Subclass Eumalacostraca
Superorder Syncarida

Order: Bathynellacea

Anaspidacea
Superorder Peracarida

Order: Spelaeogriphacea
Thermobaenacea
Lophogastrida
Mysida
Mictacea
Amphipoda
Isopoda
Tanaidacea
Cumacea

Superorder Eucarida

Order: Euphausiacea
Amphionidacea
Decapoda

One group of parasites now acknowledged as
probably crustacean is the Pentastomida. Until quite
recently, the Pentastomida had been classified as a
distinct phylum, all adult members of which are par-
asites of the respiratory tracts of vertebrates. How-
ever, molecular and spermatological evidence of
a phylogenetic relationship between pentastomids
and branchiurans accumulated over the past quarter-
century—with additional supporting evidence from
similarities in embryogenesis and details of cuticu-
lar and nervous system structures—has resulted in
the acceptance of this very distinctive group of par-
asites as crustacean in origin. The primary larvae
are autoinfective to the definitive host, but they can
also migrate to the host’s gut and pass out with
the feces. Many pentastomids require an interme-
diate host, which may be any kind of invertebrate.
Larvae bore through the gut wall of the intermedi-
ate host, where they undergo further development
to the infective stage. Once the intermediate host is
consumed by a definitive host, the parasite makes its
way from the host’s stomach to its final destination
in the lungs, nasal passages, or bronchi.

If this current phylogenetic assessment is accurate,
crustacean morphological diversity and extremes in
lifestyle are taken to an even greater level, with rep-
resentatives adapted to life in the respiratory pas-
sages of crocodilians, reindeer, and lions. However,
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Fig. 2. Diagram of the fifth pleonal somite of the crayfish,
with its paired fifth pleopods.

the placement of the Pentastomoida within the Crus-
tacea is not universally accepted. The discovery of
fossils from the Middle Cambrian limestone that are
very similar to extant pentastomids would appear to
dispute this classification. See PARASITOLOGY; PEN-
TASTOMIDA.

General Morphology

The true body segments, the somites or metameres,
are usually somewhat compressed or depressed
(Fig. 2). Rarely are they circular rings. The somite’s
dorsum, or upper side, is the tergum or tergite; the
lower or ventral surface, the sternum or sternite;
and either lateral portion, the pleuron or epimeron.
When prolonged or extended downward to over-
hang the attachment of the biramous appendages, of
which one pair is a part of every typical crustacean
somite, the structure is termed the epimeron. Be-
tween the embryonic anterior or prostomial element
and the telson at the posterior end, the linear series

carapace

antenna

ambulatory legs

Fig. 3. External morphology of a shrimp. (After P. A. McLaughlin, Comparative
Morphology of Recent Crustacea, W. H. Freeman, 1980)

of somites making up the body of a crustacean are
more or less distinctly organized into three or four re-
gions, or tagmata: the head (cephalon), thorax, and
abdomen in lower crustaceans (for example, Bran-
chiopoda, Cephalocarida, Maxillopoda) and head,
thorax, pleon, and abdomen in malacostracans. The
somites are variously fused with one another in diag-
nostic combinations in different groups of the Crus-
tacea.

Body. The head region of the simplest type is
found in the characteristic crustacean larva, the nau-
plius. When the nauplius hatches, it has only three
pairs of appendages—the antennules, antennae, and
mandibles—which correspond to the three fused
somites of the primary head of the lower Crustacea.
In the nauplius, there is a single median eye (known
as the nauplius eye on the head that persists to be-
come the sole visual organ in many of the lower Crus-
tacea. In some it disappears; occasionally it remains
as a vestige in species with paired compound eyes.

In more advanced forms, and at later develop-
mental stages, two additional somites bearing the
maxillules and maxillae become coalesced with
the protocephalon to form the most frequently en-
countered crustacean head, or cephalon. Thoracic
somites frequently are fused with the cephalon to
form a cephalothorax. A dorsal shield, or carapace,
of variable length arises from the dorsum of the
third cephalic somite and covers the cephalon and
cephalothorax to a varying extent (Fig. 3). In some
crustaceans the carapace develops in the form of
a bivalved shell; in sessile barnacles it is modified
as a fleshy mantle reinforced by calcareous plates.
The carapace reaches its greatest development in the
malacostracan Decapoda where, including the head,
it fuses dorsally with the eight thoracic somites and
extends down laterally over the attachment of the ap-
pendages to enclose the branchial chamber on either
side of the cephalothorax.

The chitinous cuticle covering the crustacean
body is its external skeleton (exoskeleton). In-
growths for muscle attachment develop from this
cuticular exoskeleton as apodemes. Further devel-
opment of the apodemes results in the formation of
the endophragmal skeleton in the higher Crustacea.
The chitin is flexible at the joints, in foliaceous ap-
pendages, and throughout the exoskeletons of many
small and soft-bodied species, but it is often thick-
ened and stiffened in others. It becomes calcified in
many species as a result of the deposition of lime
salts, and can be rock-hard in some crabs.

Appendages. The paired appendages of the
cephalon and thorax (Fig. 4) are typically biramous
and consist of two branches: the endopod and ex-
opod. These arise from the distal end of a pedun-
cle, the protopod, which is composed of two seg-
ments: the coxa, articulated with the body, and the
basis; occasionally a precoxa may also be present.
Either the endopod or exopod or both may be re-
duced or absent, or both may be coalesced, as in
the foliaceous limbs of lower Crustacea. The pro-
topod frequently has inner lobes (endites) or outer
lobes (exites) or branchial structures (epipods). The



endopod is definitely segmented in the higher Crus-
tacea. The segments, which are usually present in full
complement from the peduncular basis outward, are
the ischium, merus, carpus, propodus, and dactyl.
The endopods are variously modified to serve a num-
ber of functions and needs, such as sensory per-
ception, respiration, locomotion, prehension (hold-
ing, seizing, or grasping) and manipulation of food,
cleansing, defense, offense, reproduction, and sex
recognition and attraction. If retained in the adult,
exopods may remain leaf- or paddlelike, or become
flagellated structures, facilitating swimming or aid-
ing respiration. Pleonal appendages develop only in
the Malacostraca; they are commonly used in loco-
motion and/or reproduction. The nonmalacostracan
crustacean abdomen lacks appendages.

Digestive system. The digestive system is com-
posed of a gut divided into three distinct regions
and its accompanying glands and diverticula. Ap-
pendages adapted for feeding frequently include not
only the mandibles, maxillules, and maxillae but also
a number of thoracic appendages and occasionally
the antennae.

In its simplest form, the gut consists of a foregut
with an anteroventrally directed mouth, midgut, and
hindgut with a posterior or posteroventrally directed
anal orifice. The anterior part of the foregut often
is esophageal in nature, whereas the posterior and
larger portion usually consists of two parts. ( In the
anterior foregut of the Eucarida, a complex and elab-

(h)
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Fig. 4. Cephalic and thoracic appendages of representative crustaceans:

71

(a-d) antennules; (e-h) mandibles; (i-k) thoracopods. (a) Brachypoda; (b) Leptostraca;

(c, d) Decapoda; (e) Brachypoda; (f) Stomatopoda; (g) Mysida; (h) Decapoda; (i) Anostraca;
(/) Sessilia; (k) Stomatopoda; (/) Decapoda. (After P. A. McLaughlin, Comparative
Morphology of Crustacean Appendages, in D. E. Bliss, ed., The Biology of Crustacea,

orate grinding mechanism, the gastric mill, is devel-
oped). The posterior chamber is divided into dorsal
and ventral filtering compartments for the straining

of food. The midgut in most cases contains several
ceca or diverticula, which produce digestive secre-
tions or serve as organs for the absorption of food.
When these ceca are present in considerable num-
ber, they become organized into a sizable gland, the
midgut gland of higher Crustacea. The hindgut is typ-
ically short and terminates, with few exceptions, in
a muscular anus on the underside of the telson. See
DIGESTION (INVERTEBRATE).

Circulatory system. The crustacean circulatory sys-
tem is, with few exceptions, an open system through
which the blood or hemolymph flows freely through-
out the hemocoelic cavity. Not all crustaceans have
a heart, but in those that do, it is a simple single-
chambered organ lying dorsally above the gut and en-
closed in a pericardial sinus. The heart is perforated
by openings, or ostia, that admit venous blood from
the pericardial sinus. The heart may be elongated
and tubular and extend through the greater part of
the body, but generally it is a more compact organ. It
pumps blood through an arterial system or through
connecting sinuses or lacunae within the body tis-
sues. In Crustacea lacking a heart, blood is moved by
the muscular movements of the animal or its alimen-
tary tract, circulating it through the body cavities or
sinuses. The blood of malacostracan crustaceans is
bluish because it contains the respiratory pigment
hemocyanin. A few crustaceans have red blood due
to the presence of hemoglobin. See HEART (INVERTE-
BRATE); RESPIRATORY PIGMENTS (INVERTEBRATE).

vol. 2, 1982)

Respiratory system. The majority of nonmalacos-
tracan crustaceans have no specialized respiratory
structures; respiration takes place across the integu-
mental surfaces. However, in malacostracans oxy-
gen uptake is accomplished principally by means of
gills, although the general body surface, or special
areas of it, also may participate. Some of the few
species that have become more or less terrestrial in
their habits have developed modifications of their
branchial mechanism (such as villi, ridges, or water-
retaining recesses), which when sufficiently moist
enable them to breathe air. Some sow or pill bugs
have special tracheal developments in their abdomi-
nal appendages for the same purpose.

Nervous system. As do other arthropods, crus-
taceans possess a dorsally located brain connected
to a double ventral nerve cord by paired circume-
sophageal connectives. Both the brain and the ven-
tral nerve cord are segmental structures, and each
unit (neuromere) is joined by paired longitudinal
connectives. This segmental aspect of the central
nervous system is most evident in embryonic stages,
and is generally obscured by condensation of the
neuromeres into ganglia during later embryonic or
larval development. In decapod embryos, the ven-
tral nervous system consists of eight thoracic and
eight pleonal neuromeres, whereas in many lower
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crustaceans a much higher number of trunk neu-
romeres is present. See NERVOUS SYSTEM (INVERTE-
BRATE).

Organs of special sense. The organs of special
sense are the eyes, antennules, and antennae. Crus-
tacean eyes (photoreceptors) are of two types: ses-
sile and stalked. Sessile eyes, found in numerous
lower crustaceans and in larval stages of numer-
ous stalk-eyed species, often are simple structures
consisting of light-sensory elements, although some
are weakly to moderately well-developed compound
eyes. Stalked eyes are unique among the Crustacea;
the stalks provide support and movement for the
eyes, and most also contain optic ganglia and impor-
tant endocrine organs. The crustacean compound
eye contains from few to many structural units, or
ommatidia.

The antennules and antennae are provided with
a variety of sensory structures for the reception of

(a)

(b)

Fig. 5. Nauplii of (a) Triops cancriformis (Notostraca); (b) Branchinecta occidentalis
(Anostraca); (c) Lernaeocera branchialis (Siphonostomatoida); (d) Haemocera danae
(Monstrilloida); (€) Meganyctiphanes norvegica (Euphausiacea); (f) Sacculina carcini
(Kentrogonida); (g) Litopenaeus setiferus (Decapoda). Enlarged but not to same scale.
(After R. E. Snodgrass, Crustacean Metamorphoses, vol. 131, no. 10, Smithson. Inst. Publ.

4260, 1956)

chemical and mechanical stimuli. Specific structures
on the antennules, called aesthetascs, act as organs
of smell. Taste chemoreceptors are usually found
on the mouthparts and dactyls of the pereopods
(or pereiopods), or walking legs. Many of the hairs
(setae) and bristles found on the crustacean body and
appendages act as mechanoreceptors. Organs of bal-
ance (statocysts) are also present on basal segments
of the antennules in many crustaceans, but on the
uropods in most mysids. Although crustaceans may
not hear in the accepted sense, they are sensitive to
sound waves and vibrations; many have stridulating
or sound-producing mechanisms on appendages or
on somites overlapping one another on the carapace,
which produce snapping, clicking, rasping, or rub-
bing noises. Crustacea have setae variously located
on their bodies which are sensitive to various ex-
ternal stimuli. See CHEMORECEPTION; EYE (INVERTE-
BRATE); PHOTORECEPTION.

Glands and glandular systems. Those glands recog-
nized as definite excretory organs are the maxillary
and antennal glands in the adult crustaceans. They
are located in the cephalon, and rarely are both pres-
entat the same time. The antennal gland is best devel-
oped in the Malacostraca. It is often called the green
gland and opens to the exterior on the underside of
the coxal segment of the antennal peduncle. Many
crustaceans, especially deep-sea forms, have phos-
phorescent or luminous organs. Barnacles and some
other crustaceans have cement glands. This may also
be true of tube-building species that construct their
homes of extraneous materials. Species that produce
encysted or drought-resistant eggs have other glands
of special secretion. The X organ-sinus gland com-
plex of the eyestalks is part of a neurosecretory
system that produces hormones that control color
change and pattern, molting cycle, oogenesis, and
egg development within the ovary. See ENDOCRINE
SYSTEM (INVERTEBRATE); NEUROSECRETION.

Reproductive system. The sexes are separate in
most Crustacea and usually can be differentiated
from each other by secondary sexual characters.
Chief among these characters are the size and shape
of the body, appendages, or both, and placement
of the genital apertures. Hermaphroditism is the
rule in the Cephalocarida, Remipedia, some ostra-
codes, and sessile Cirripedia (barnacles), in isolated
cases in other crustaceans, and in certain parasitic
forms. Parthenogenesis (eggs developing and hatch-
ing without prior fertilization) occurs frequently in
some of the lower crustaceans such as the Bran-
chiopoda and Ostracoda, which have what might be
called an alternation of generations. The partheno-
genetic generations (and there are usually very many
of them in succession) alternate with a generation
produced by fertilized eggs.

Protandric hermaphroditism, in which individuals
reach maturity as males but subsequently become
functional females, has been observed in some de-
capods. Protogyny, a condition in which the devel-
opment is reversed, has been reported in tanaids and
some carideans. Sexual differentiation is under con-
trol of the androgenic gland. This is a reversal of sex



in the individual or in the species that reach maturity
as males but become female in their third year and
function as females.

The eggs of most crustaceans are carried attached
to the female until hatched. Some females develop
brood pouches in which the young are retained for a
time. A nutrient secretion, which sustains the young
until they are released, is produced in some species
having a brood chamber. Penaeid shrimp and a few of
the lower Crustacea deposit their eggs in the medium
in which they live, in some cases attaching them to
aquatic vegetation.

Development. The nauplius larva has long been
considered characteristic of Crustacea (Fig. 5). Its
oval, unsegmented body has three pairs of ap-
pendages indicative of three embryonic somites.
These are the antennules (which are uniramous
in the nauplius), the biramous antennae, and
mandibles. In addition to serving other functions
such as sensation and feeding, all three pairs of ap-
pendages are the organs of locomotion of this free-
swimming larva. There is a single dorsal, median,
nauplius eye composed of three closely united, simi-
lar parts that form a relatively simple compound eye
and a frontal organ. The integument of the upper
surface of the nauplius body has the appearance of
a dorsal shield, as in most crustaceans.

Typical as this first larval stage may be, it does
not appear in all crustaceans. It is common in the
lower forms, but among malacostracan crustaceans,

free-living nauplius larvae occur in only the Euphau-
siacea and the decapod suborder Dendrobranchiata
(penaeid shrimp). This larval form is replaced in
many malacostracans by the so-called egg-nauplius,
an embryonic stage characterized by an early germ
band marking the ventral side of the embryo, which
is attached to a relatively large amount of yolk and
covered by a few extraembryonic cells. The anterior
region is formed by the paired head lobes, which
give rise to the lateral compound eyes and the pro-
tocerebrum. Posteriorly, these lobes are followed
by the characteristic, well-developed antennules, an-
tennae, and mandibles. The occurrence of an egg-
nauplius is always correlated with a relatively yolky
egg but is not necessarily correlated with direct de-
velopment. Stomatopods and most decapods hatch
as advanced planktonic larvae (zoeae) with at least
one well-developed thoracic appendage. These lar-
vae resemble the advanced stages of euphausiid and
dendrobranchiate decapod larvae that hatch at the
free-living naupliar stage.

Life histories vary from the simple to the com-
plex within the different groups of Crustacea. Fol-
lowing the naupliar stage, whether it is passed in
the egg or not, very remarkable larval stages fol-
low in some groups the free-swimming cypris larvae
of barnacles; the phyllosomae of the spiny lobsters;
the pseudozoeal larvae of the mantis shrimps (Stom-
atopoda); and the zoeae and megalopae of crabs

(Fig. 6).

Fig. 6. Larval stages of representative crustaceans: (a) cyprid larva of Sessilia; (b) pseudolarva of Stomatopoda;
(c) phyllosoma larva of Decapoda; (d) zoeal larva of Decapoda; (e) megalopa of Decapoda. (After P. A. McLaughlin,
Comparative Morphology of Recent Crustacea, W. H. Freeman, 1980).
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Physiological Mechanisms

Because of its tough, chitinous, or calcified exoskele-
ton, a crustacean does not usually grow without
molting. Crustaceans have also developed the re-
markable feature of autotomy and regeneration to
minimize injury and hemorrhage from loss of limb
through accident or to an enemy.

Molting (ecdysis). This process involves several
steps: (1) preparation, which includes some degree
of resorption of the old cuticle; (2) the formation
of a new, temporarily soft and thin one within it;
(3) the accumulation and storing of calcium in the
midgut gland or as lenticular deposits (gastroliths),
one of which occurs on either side of the foregut
in certain forms such as crayfishes and lobsters. The
preparatory period is less complicated in the thinly
chitinous forms. The actual molt follows. The old
shell or cuticle splits at strategic and predetermined
places, permitting the crustacean within, already en-
closed in new but still soft exoskeleton, to withdraw.
Most likely, a temporary absorption of water enables
the animal to split or crack its housing. Upon with-
drawal of the entire animal, absorption of water again
rapidly takes place with a pronounced increase in
body size. The chitinous lining of the foregut and
hindgut as well as the endophragmal skeleton are
shed along with the exoskeleton. In the immediate
postmolt period the crustacean is quite helpless and,
if unsheltered, is at the mercy of its enemies. It is
in the soft-shelled stage immediately after molting
that the East Coast blue crab (Callinectes) becomes
a much-sought seafood delicacy. The tender new cu-
ticle is reinforced rapidly by the resorbed chitin, and
hardened by whatever reserves of calcium the ani-
mal may have stored, supplemented and extended by
the far more plentiful supplies in solution in the sea,
which may be absorbed or ingested by the growing
crustacean. Molting takes place quite frequently in
the larval stages when growth is rapid but becomes
less frequent as the animal ages. In many species
there is a terminal molt at maturity. Hormones from
the eyestalk play an important role in both initiating
and inhibiting molting. See GASTROLITH.

Autotomy and regeneration. The mechanisms of au-
totomy and regeneration are developed in some crus-
taceans to minimize injury or loss to an enemy. When
an appendage is broken, it is cast off or broken at
the fracture or breaking plane (preferred breakage
point or PBP). In lower crustaceans and even mala-
costracans such as amphipods and isopods, no pre-
ferred breakage point has been found, but its occur-
rence in brachyuran decapods is well documented.
In most species the breaking point is localized at the
joint between the basis and ischium, which is usually
a nonfunctional articulation. Microcanals spanning
the whole depth of the cuticle are more abundant
here than in other regions of the appendage. No mus-
cle develops through the breaking point; instead a
specialized autotomizer muscle is inserted just prox-
imal to it. The only nerve developing through the
breaking point is locally tapered and, thus, weakly

resistant. In addition, the blood vessels crossing the
breaking point have a valve, preventing bleeding. Au-
totomy is well documented in some brachyuran de-
capods. Contraction of the autotomizer muscle pulls
the anterior-basal part of the basis into the coxa.
The mechanical resistance of the distal margin of the
coxa against the anterior surface of the basi-ischium
results in breaking of the integument between the
basis and ischium; the nerve and blood vessels are
then cut.

Crustacea also have the ability to regenerate lost
parts. Although the regenerated parts are not always
the same size as the original in the first molt after in-
jury, increase in size in successive molts soon restores
a lost limb to virtually its former appearance. Dur-
ing the regenerative stages among alpheid shrimps
and lobsters, which generally exhibit marked dimor-
phism in the chelipeds when the major chela is lost,
the minor one often may take on more or less the
character of the former major chela. Then, the chela
replacing the lost one assumes the habitus of the
former minor chela during successive molts. See RE-
GENERATION (BIOLOGY).

Geologic History

Exceptionally well-preserved arthropods have been
discovered in Late Cambrian rocks. These arthro-
pods are referred to as stem crustaceans, a group
which is judged to have appeared at least by the
Early Cambrian. The stem crustaceans are related
to the true crustaceans, to which the former gave
rise. Their morphology indicates that the Crustacea
is most likely monophyletic, that is, derived from
a single common ancestor. The oldest true crus-
taceans are ostracodes, dating from 570 million years
ago (Ma), documented by species in several families.
Thus, although the ostracodes are not the most prim-
itive crustaceans, their remains constitute the oldest
authentic record of the Crustacea. The more prim-
itive classes (Fig. 7) have few hard parts likely to
be preserved, and therefore they are far less well
known. The Cephalocarida are known only from
the Recent, and the Branchiopoda do not appear
as fossils until the Early Devonian, about 395 Ma.
The Remipedia first appear in the fossil record in
the Carboniferous, about 330 Ma. The appearance of
more primitive crustaceans later in geologic history,
the reverse of what would be expected, is clearly
more related to their preservation potential than to
their evolutionary history. Furthermore, it is likely
that the agnostids, a group of trilobitelike organisms,
are more closely allied with the Crustacea than with
the Trilobita. The more advanced classes, the Maxil-
lopoda and the Malacostraca, appeared in the fossil
record, respectively, in the Middle Cambrian, about
530 Ma, and the Late Devonian, about 370 Ma. See
CEPHALOCARIDA; MALACOSTRACA.

The isopods and the decapods are among the
most commonly known crustaceans. Isopods inhabit
marine, freshwater, and terrestrial habitats and are
known from the fossil record as far back as the Trias-
sic, 230 Ma. The common pill bug represents one of
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Fig. 7. Chart of the classification of Crustacea; no indication of phylogenetic relationships is implied. (Modified from D. E.
Bliss, ed., The Biology of Crustacea, vols. 1-10, Academic Press, 1982-1985)

the few totally terrestrial isopods (Fig. 1). The de-
capod crustaceans, including the modern shrimp,
crabs, and lobsters (Fig. 1), trace their beginnings
to a lobsterlike form in the Late Devonian, 350 Ma
(Fig. 8). Thus, the geologic history of the crustaceans
is robust and diverse, and the marine environment,
in particular, has been home to this group since the

Fig. 8. Late Devonian malacostracan Palaeopalaemon
newberryi Whitfield, considered to be the earliest decapod
crustacean. (After F. R. Schram, R. M. Feldmann, and M. J.
Copeland, J. Paleontol., 52:1381, 1978)

early part of the Paleozoic Era. See DECAPODA (CRUS-
TACEA); ISOPODA.
Waldo L. Schmitt; Patsy A. McLaughlin;
Rodney M. Feldmann
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Crux

The Southern Cross, a small southern constellation.
Because of the absence of a star at the center of the
cross, this constellation really looks like a kite (see
illustration). To its side, the Coalsack is a giant dark
silhouette of dust against the Milky Way Galaxy. In
it the colorful open star cluster known as the Jewel
Box is found. It contains dozens of hot, bright, blue
stars plus a prominent, central red supergiant. See
STAR CLUSTERS.

right ascension
13h 12h

Modern boundaries of the constellation Crux, the Southern Cross. The celestial equator is
0° of declination, which corresponds to celestial latitude. Right ascension corresponds to
celestial longitude, with each hour of right ascension representing 15° of arc. Apparent
brightness of stars is shown with dot sizes to illustrate the magnitude scale, where the
brightest stars in the sky are Oth magnitude or brighter and the faintest stars that can be
seen with the unaided eye at a dark site are 6th magnitude. (Wil Tirion)

The first three stars of the cross, clockwise from
the brightest, are Acrux, Mimosa, and Gacrux.

Crux, whose stars were originally part of Centau-
rus but which were considered separately when they
were used for navigation by sixteenth-century ex-
plorers, is pictured on the flags of Australia and New
Zealand. The modern boundaries of the 88 constella-
tions, including this one, were defined by the Inter-
national Astronomical Union in 1928. See CENTAU-
RUS; CONSTELLATION. Jay M. Pasachoff

|
Cryobiology

The use of low-temperature environments in the
study of living plants and animals. The principal ef-
fects of cold on living tissue are destruction of life and
preservation of life at a reduced level of activity. Both
of these effects are demonstrated in nature. Death by
freezing is a relatively common occurrence in severe
winter storms. Among cold-blooded animals winter
weather usually results in a comalike sleep that may
last for a considerable time. See HIBERNATION AND
ESTIVATION.

While these natural occurrences suggest the de-
sired ends of cryobiology, activities in this field dif-
fer in that much lower temperatures are employed
than are present in natural environments. The ex-
treme cold of liquid nitrogen (boiling at —320°F or
—196°C) can cause living tissue to be destroyed in
a matter of seconds or to be preserved for an indef-
inite time, certainly for years and possibly for cen-
turies, with essentially no detectable biochemical
activity.

The result achieved when heat is withdrawn from
living tissue depends on processes occurring in the
individual cells. Basic knowledge of the causes of
cell death, especially during the process of freez-
ing, and the discovery of methods which circum-
vent these causes have led to practical applications
both for long-term storage of living cells or tissue
(cryopreservation) and for calculated and selective
destruction of tissue (cryosurgery). See CELL SENES-
CENCE AND DEATH.

Fundamental processes. The biochemical con-
stituents of a cell are either dissolved or suspended
in water. During the physical process of freezing,
water tends to crystallize in pure form, while the
dissolved or suspended materials concentrate in the
remaining liquid. This principle has been suggested
as one means for producing fresh water from seawa-
ter. In the living cell, however, this process is quite
destructive. See WATER DESALINATION.

In a relatively slow freezing process ice first be-
gins to form in the fluid surrounding the cells, and
the concentration of dissolved materials in the re-
maining liquid increases. The equilibrium between
the fluid inside the cell and the fluid surrounding
the cell is upset. A concentration gradient is estab-
lished across the cell wall, and water moves out of
the cell in response to the osmotic force. As freez-
ing continues, the cell becomes quite dehydrated.
Salts may concentrate to extremely high levels. For
example, sodium chloride may reach 200 g/liter
(7 oz/qt) concentration in the final stages of freez-
ing. In a similar manner the acid-base ratio of the so-
lution may be altered during the concentration pro-
cess. Dehydration can affect the gross organization
of the cell and also the molecular relationships, some
of which depend on the presence of water at particu-
lar sites. Cellular collapse resulting from loss of water
may bring in contact intracellular components nor-
mally separated to prevent destructive interaction.
Finally, as the ice crystals grow in size, the cell walls
may be ruptured by the ice crystals themselves or by



the high concentration gradients which are imposed
upon them.

By speeding the freezing process to the point that
temperature drop is measured in degrees per sec-
ond, some of these destructive events can be mod-
ified. For example, ice crystals will form within the
cells so that less water will be lost, and the size of
each crystal will be minimized, tending to reduce
incidence of destruction of the cell walls. However,
most of the previously mentioned destructive pro-
cesses will prevail.

To prevent dehydration, steps must be taken to
stop the separation of water in the form of pure ice
so that all of the cell fluids can solidify together. The
chief tools used to accomplish this are agents that
lower the freezing point of the water. Typical ma-
terials used for industrial antifreeze agents are alco-
hols or glycols (polyalcohols). Glycerol, a polyalco-
hol which is compatible with other biochemical ma-
terials in living cells, is frequently used in cell preser-
vation.

Besides the antifreeze additive, refrigeration pro-
cedures are designed to control the rate of decline in
temperature to the freezing point, through the liquid-
solid transition, and below, to very low temperatures.
As a result of these procedures, the materials in the
cell and in the surrounding fluid solidify together in a
state more nearly resembling a glass than a crystalline
material. In this form cells can be preserved appar-
ently for as long as one may desire and will regain all
their normal functions when properly thawed.

In the case of preservation of sizable aggregates
of cells in the form of whole organs, the problems
are significantly increased. With a large mass, control
of the cooling rate is much more difficult. Additives
may not reach cells inside a large organ in sufficient
quantity to depress the freezing point adequately.
The organ may suffer from oxygen deprivation or
from other interruption of its normal environment
quite apart from the freezing process itself. While
there are signs of progress, whole-organ preservation
is not yet a normally successful procedure.

Uses of cryopreservation. The earliest commercial
application of cryopreservation was in the storage
of animal sperm cells for use in artificial insemina-
tion. In the early post-World War II period artificial
insemination of dairy herds was practiced widely.
However, sperm were viable for only a few days
when cooled but not frozen. The development of
techniques for sperm freezing, storage, and transport
using liquid nitrogen refrigeration, which occurred
in the mid-1950s, greatly increased the use of arti-
ficial insemination, both for breeding stock and for
human reproduction. In the frozen state sperm may
be transported great distances. However, of even
greater value is the fact that sperm cells can be stored
for many years. See BREEDING (ANIMAL).

In an entirely similar manner the microorganisms
used in cheese production can be frozen, stored, and
transported without loss of lactic acid-producing ac-
tivity. Pollen from various plants can be frozen for
storage and transport. Normally this is of little value
since fertile seeds can also be conveniently stored

and transported without special preservation tech-
niques. However, in plant-breeding experiments it is
sometimes desired to crossbreed plants that do not
grow in similar environments. In such instances the
transport of frozen pollen can be utilized.

In biological research the growth of a pure strain
or culture of a particular species is a necessity. For
long-term studies these cultures must be continually
renewed by growth on a suitable medium. Given
enough time, these cultures undergo mutations;
therefore, the species characteristics may change
during the course of the investigation. By prepar-
ing a sufficiently large culture at the start of the in-
vestigation and freezing most of it, the investigator is
assured of a continuous supply of unaltered microor-
ganisms for his study no matter how long it may take.
Banks of carefully established cell lines are stored
in frozen condition for use by future generations of
biologists.

Another application of cryopreservation is the
storage of whole blood or separated blood cells.
Frozen storage permits the buildup of the large
stocks of blood required in a major catastrophe. It
is also useful in storing the less common types of
blood. Through frozen blood storage a person can
actually develop a stock of their own blood for auto-
transfusion, a practice which is almost essential for
those individuals with rare blood types. See BLOOD.

Freezing and preservation equipment. While other
refrigerant materials or mechanical refrigeration sys-
tems can be used, most cryobiology apparatus has
been designed to use liquid nitrogen as the refriger-
ant because it is convenient, biologically inert, rela-
tively cheap, and plentiful. See NITROGEN.

When a controlled-rate freezer is used, the mate-
rial to be frozen is placed in a well-insulated chamber.
Liquid nitrogen is admitted to another portion of the
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Fig. 1. Schematic representation of freezing system operation.
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chamber at a rate controlled by an electrically oper-
ated valve. The liquid nitrogen is immediately vapor-
ized by the air that is circulated through the chamber
by a motor-driven fan. A thermocouple inserted in a
sample of the material to be frozen is connected to
the controller. Using the temperature of the thermo-
couple as a guide, the controller adjusts the flow of
liquid nitrogen and the output of an electrical heater
to obtain just the cooling rate desired. This proce-
dure is outlined in Fig. 1. Working storage of sperm
for artificial insemination or for small laboratories
employs specially designed liquid nitrogen contain-
ers as illustrated in Fig. 2. A large opening (2.5-in. or
6.3-cm neck-tube diameter in diagram) is provided
so that materials can be inserted and removed. Since
the container is designed to allow very little leakage
of heat into the inner container, one charge of lig-
uid nitrogen can last for 60 days in active use. The
frozen material is normally stored in small glass am-
pules. Six or eight ampules are clipped onto a verti-
cal rod, and ten rods are mounted in a canister 2 in.
(5 cm) in diameter. A typical storage container holds
six canisters, or 360-480 ampules. A porous plug
fits into the neck tube to hold the canister handles
in place and to reduce the leakage of heat into the
container.

While containers of the type just mentioned can be
used to ship frozen biologicals by all normal means
of transport, there are materials that would not con-
veniently fit into a container with such a small open-
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canister
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Specifications:
height = 23 3/8 in.

diameter = 17 3/4 in.

neck tube diameter = 2 1/2 in.
ampule capacity = 360 (1.2-cc ampules, 6/ rack)
= 484 (1.0-cc ampules, 8/rack)

maximum liquid nitrogen capacity = 30 liters
working holding time = 60 days

Fig. 2. Liquid nitrogen container. 1 in. = 2.5 cm. 1 liter =
1.06 qt.

ing. Furthermore, some types of shipment require
that the container be able to assume any position
during transport. For these applications the equip-
ment illustrated in Fig. 3 has been developed. The
entire top of this equipment is removable, leaving
an opening as large as 14 in. (35 cm) in diameter.
The liquid nitrogen refrigerant is absorbed in disks
of porous material. The porous material can easily be
shaped to conform to the contours of the object to
be stored. Because the refrigerant liquid is absorbed
in the porous packing disks, the container can be
shipped in any attitude, although somewhat better
results are obtained in the upright position.

There is a container made for the stationary stor-
age of large amounts of frozen material equipment.
‘While this unit has much the same general appear-
ance as a chest-type frozen food storage refrigera-
tor, it is far superior in insulation performance. The
unit can be left untended for a week without loss
of effectiveness. The capacity of a large refrigerator
is about 90,000 ampules (250 times the capacity of
the portable container in Fig. 2), and several hun-
dred units of frozen blood can be stored in it. Each
item to be stored is mounted in a vertical rack. Stored
material is retrieved by lifting the rack high enough
to reach the desired package and then returning it
to position. The brief exposure to ambient tempera-
tures does not warm the other packages more than
1 or 2 degrees above their storage temperature of
—320°F (—196°C).

Cryosurgery. As was previously mentioned, the
causes of cellular destruction from freezing can be
effected deliberately to destroy tissue as a surgical
procedure. A technique for controlled destruction
of tissue in the basal ganglia of the brain was devel-
oped for relief from tremor and rigidity in Parkinson’s
disease.

One significant advantage of cryosurgery is that
the apparatus can be employed to cool the tissue to
the extent that the normal or the aberrant function
is suppressed; yet at this stage the procedure can be
reversed without permanent effect. When the sur-
geon is completely satisfied that the exact spot to be
destroyed has been located, the temperature can be
lowered enough to produce irreversible destruction.
This procedure is of particular assistance in neuro-
surgery.

A second major advantage of cryosurgery is that
the advancing front of reduced temperatures tends
to cause the removal of blood and the constriction
of blood vessels in the affected area. This means that
little or no bleeding results from cryosurgical proce-
dures.

A third major advantage of cryosurgery is that the
equipment employs a freezing apparatus (which is
about the size of a large knitting needle) that can be
placed in contact with the area to be destroyed with
a minimum incision to expose the affected area.

The equipment used in cryosurgery utilizes the
same operating principles as the controlled-rate
freezer. The flow of liquid nitrogen is controlled
by an electrically operated valve whose function is
directed by a controller that is based on the tem-
perature sensed by a thermocouple located at the
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Specifications:
height = 32 in.
diameter = 17 3/4 in.
neck tube diameter = 14 in.
ampule capacity = 5400 (1.2-cc ampules, 6/rack)
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Fig. 3. Liquid nitrogen container which is used for
shipment of large samples. 1 in. =2.5cm. 1 ft = 0.3 m.
1 liter = 1.06 qt.

freezing element. Since it is desirable to freeze only
the area immediately surrounding the tip of the in-
strument, the liquid nitrogen lead, the gaseous ni-
trogen return, the thermocouple leads, and the elec-
trical supply for a small heater are all encased in a
vacuum-insulated jacket.

Other uses. Besides the preservation or destruc-
tion of life, low temperatures can be employed for
other purposes. For example, it may be desirable
in the formulation of drugs to release antibodies or
other active agents from their cells. One method by
which this can be achieved is by grinding the cells
while they are frozen. In frozen form the cells are
hard and brittle and can be fractured easily without
resulting in any chemical changes in the enzyme or
antibody that is being released. A. W. Francis
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Cryogenics

The science and technology of phenomena and pro-
cesses at low temperatures, defined arbitrarily as
below 150 K (—190°F). Phenomena that occur at
cryogenic temperatures include liquefaction and so-
lidification of ambient gases (Table 1); loss of duc-
tility and embrittlement of some structural materials
such as carbon steel; increase in the thermal conduc-
tivity to a maximum value, followed by a decrease
as the temperature is lowered further, of relatively
pure metals, ionic compounds, and crystalline di-
electrics (diamond, sapphire, solidified gases, and
so forth); decrease in the thermal conductivity of
metal alloys and plastics; decrease in the electrical
resistance of relatively pure metals; decrease in the
heat capacity of solids; decrease in thermal noise
and disorder of matter; and appearance of quan-
tum effects such as superconductivity and superflu-
idity. See ELECTRICAL RESISTIVITY; SPECIFIC HEAT OF
SOLIDS; SUPERCONDUCTIVITY; SUPERFLUIDITY; THER-
MAL CONDUCTION IN SOLIDS.

Production of low temperatures. Cryogenic environ-
ments are maintained with cryogens (liquefied gases)
or with cryogenic refrigerators. The temperature af-
forded by a cryogen (Table 1) ranges from its triple
point to slightly below its critical point. Commonly
used cryogens are liquid helium-4 (down to 1 K), lig-
uid hydrogen, and liquid nitrogen. Less commonly
used because of their expense are liquid helium-3
(down to 0.3 K) and neon. The pressure maintained
over a particular cryogen controls its temperature.
Heat input—both the thermal load and the heat leak
due to imperfect insulation—boils away the cryo-
gen, which must be replenished. See LIQUID HELIUM,;
THERMODYNAMIC PROCESSES; TRIPLE POINT.

A variety of techniques are available for prolonged
refrigeration if such is favored by economic consid-
erations or if very low temperatures are required.
Down to about 1.5 K, refrigeration cycles involve

TABLE 1. Physical constants of low-temperature liquids

Triple point Critical point
———— Normal —————
Pres-  boiling Pres-
Temp., sure point, Temp., sure,
Liquid K atm’ K K atm’
Helium-3 3.2 3.3 1.2
Helium-4 4.2 5.2 2.3

n-Hydrogen 14.0 0.07 20.4 33.2 13.0
n-Deuterium 18.7 0.17 23.7 38.4 16.4

n-Tritium 20.6 0.21 25.0 42.5° 19.4°
Neon 24.6 0.43 271 44.7 26.9
Fluorine 58.5 <0.01 85.0 144.0 55.0
Oxygen 54.4 <0.01 90.2 154.8 50.1
Nitrogen 63.2 0.12 77.4 126.1 B35
Carbon

monoxide 68.1 0.15 81.6 132.9 34.5
Argon 83.8 0.68 87.3 150.7 48.0
Propane 85.5 <0.01 231.1 370.0 42.0
Propene 87.9 <0.01 226.1 365.0 45.6
Ethane 89.9 <0.01 1845 305.4 48.2
Methane 90.7 0.12 1117 191.1 45.8

“Calculated.

1 atm = 1.013 x 10° pascals.

Cryogenics
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compression and expansion of appropriately cho-
sen gases. At lower temperatures, liquid and solids
serve as refrigerants. Adiabatic demagnetization of
paramagnetic ions in solid salts is used in magnetic
refrigerators to provide temperatures from around 4
K down to 0.003 K. Nuclear spin demagnetization of
copper can achieve 5 x 107% K. Helium-3/helium-4
dilution refrigerators are frequently used for cooling
at temperatures between 0.3 and 0.002 K, and adia-
batic compression of helium-3 (Pomeranchuk cool-
ing) can create temperatures down to 0.001 K. See
ADIABATIC DEMAGNETIZATION.

Cryogenic refrigeration principles. In principle, any sub-
stance that undergoes an isentropic temperature
change (meaning at constant entropy, without heat
transfer or frictional-type losses) with a change in
field intensity (pressure, stress, magnetic field inten-
sity, or electric field intensity) can be used as a re-
frigerant. In practice, gases (for example, helium,
hydrogen, and nitrogen) and magnetic substances
(paramagnetic materials such as gadolinium sulfate
or gadolinium gallium garnet) are usually employed.

An ideal refrigeration cycle, which has the max-
imum possible thermodynamic efficiency, is the
Carnot cycle. This cycle can be illustrated with
a temperature-entropy (7-5) diagram (Fig. 1), on
which the state of the substance traces a rectan-
gular path in a counterclockwise direction. Starting
with the state of greatest temperature and entropy,
the corners of the rectangle may be labeled A, B,
C, and D. The 7-§ diagram is useful for understand-
ing the thermodynamics of refrigeration cycles be-
cause the refrigeration (heat removed) is the area
under the base of the rectangle (area C-D-D’-C") and
the net work input required is the area enclosed by
the rectangle (area A-B-C-D). The magnetic substance
(or gas) is magnetized (or compressed) isothermally
from A to B; demagnetized (or expanded) isentrop-
ically from B to C, with cooling from temperature
T3 to T¢; demagnetized (or expanded) further (C to
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Fig. 1. ldeal Carnot refrigeration cycle on a temperature-
entropy (T-S) diagram. The lines X, X5, X3, and X, represent
lines of constant magnetization for a magnetic substance
or constant pressure for a gas.

D) at constant temperature with heat Q absorbed
from the load given by Eq. (1); and finally magne-

0= Te(Sp — So) (@))]

tized (or compressed) back to the original state (D
to A). The net work required to run the Carnot cycle
is given by Eq. (2); therefore, the ratio of work input

We =T —T¢) Sp — Sc) (@)
to refrigeration produced is given by Eq. (3). If T,
We _ T —To)

Q Tc
is the ambient temperature, Eq. (2) gives the ideal,
or minimum, work required to supply refrigeration
at temperature 7¢. A useful, common measure of an
actual cryogenic refrigerator’s efficiency compares

the ideal (Carnot) work to the actual work of refrig-
eration to give a so-called percent-of-Carnot, Eq. (4).

(€))

We
Wactual

See CARNOT CYCLE; ENTROPY; THERMODYNAMIC
CYCLE.

Approximations to the Carnot cycle are actually
used in magnetic refrigerators, with the upper tem-
perature (7p) ranging from 15 to 0.3 K, depending
on the heat sink used (cryocooler, helium-4 bath, or
helium-3 bath). Percent-of-Carnot efficiencies range
up to about 50%. For gas refrigeration machines,
however, the Carnot cycle is not practical because of
heat transfer between the gas and the cylinder walls
and the excessive pressures required to reach low
temperature.

Two ideal thermodynamic cycles with practical
application to gas refrigeration machines, however,
are the reverse Stirling cycle and the reverse Brayton
cycle with isothermal expander. These cycles may
again be represented as counterclockwise paths on a
temperature-entropy diagram (Fig. 2), labeled in the
same way as before. Gas is isothermally compressed
(A-B); cooled (B-C) in counterflow heat exchange
by the return flow (D-4) in a thermal regenerator
at constant volume (Stirling cycle) or counterflow
heat exchanger at constant pressure (Brayton cycle);
expanded isothermally (C-D), with the absorption
of heat again given by Eq. (1); and then warmed at
constant volume (Stirling cycle) or constant pressure
(Brayton cycle) by counterflow heat exchange (D-
A) with the incoming high-pressure (density) stream
(B-C). The counterflow heat exchanger or regener-
ator is the fundamental element for attaining cryo-
genic temperatures with gas refrigerating machines,
since it allows bootstrapping of the incoming flow to
low temperature by heat exchange with the outgo-
ing flow. Modest pressure ratios are possible because
cooling by gas expansion is required for the thermal
load (and irreversibilities in an actual machine) only,
but not for initial attainment of the low temperature.
See BRAYTON CYCLE; STIRLING ENGINE.



temperature (T) ——>

entropy (S) ——>

Fig. 2. Ideal practical gas refrigeration cycle on a
temperature-entropy (7-S) diagram. The curves X; and X,
are lines of constant volume in the reverse Stirling cycle
and lines of constant pressure in the reverse Brayton cycle
with isothermal expander.

Most modern cryogenic refrigerations are based
on the reverse Stirling and reverse Brayton cycles.
Reverse Stirling, Gifford-McMahon (G-M), and pulse-
tube cryocoolers use thermal regenerators and ex-
pand the gas in the low-pressure part of the cycle
with pistons or displacers (a gas piston for the pulse
tube). Ordinarily, these machines are used for lower
refrigeration loads (a fraction of a watt to a few hun-
dred watts). Their lowest useful temperature is about
10 K because at lower temperatures the regenerator
effectiveness becomes poor as a result of the rapidly
diminishing heat capacity of the regenerator matrix.
Experimental coolers reach as low as 4 K by using
special high-heat-capacity regenerator materials. The
reverse Brayton and the related Claude cycle use re-
ciprocating piston expanders or, especially at higher
capacities, turbo expanders. Temperatures as low as
1.8 K are typical for these machines. The percent-
of-Carnot efficiency varies from as high as 40% for
machines with refrigeration capacities in excess of
10 kW, to less than 1% for some fractional-watt ma-

chines. Higher refrigeration temperatures generally
give slightly better efficiencies than lower refriger-
ation temperatures. Two refrigerators connected in
series (for example, a magnetic refrigerator rejecting
heat to a Stirling cooler) have an overall efficiency
approximately equal to the product of the individual
refrigerator efficiencies.

Gas liquefaction principles. Both the latent heat of vapor-
ization and the sensible heat of the gas (heat content
of the gas) must be removed to liquefy a gas. Of the
total heat that must be removed to liquefy the gas, the
latent heat is only 1.3% for helium and 46% for nitro-
gen. Consequently, an efficient liquefier must supply
refrigeration over the entire temperature range be-
tween ambient and the liquefaction point, not just
at the liquefaction temperature (Table 2).

The Collins-Claude refrigeration cycle (Fig. 3)
forms the basis (with a multitude of variations)
of most modern cryogenic liquefiers. Gas is com-
pressed isothermally (1-2) and cooled (2-5) in a coun-
terflow heat exchanger by the colder return stream
of low-pressure gas (4-1). During this cooling, a frac-
tion of the high-pressure stream (equal to the rate of
liquefaction) is split off (at points 2, 3, and 4) and
cooled by the removal of work (energy) in expan-
sion engines or turbines (which expand it to 2/, 3/,
and 4"). This arrangement provides the cooling for
the removal of the sensible heat. At the end of
the counterflow cooling (point 5), the remaining
high-pressure stream is expanded in either a Joule-
Thomson valve or a wet expander to give the liquid
product (point 6) and the return stream of saturated
vapor (point 4'). See LIQUEFACTION OF GASES.

The work input required to produce refrigeration
is commonly given in terms of watts of input power
per watt of cooling, that is, W/W (Table 2). Cool-
ing with a refrigerator is more efficient (that is, re-
quires a lower W/W) than cooling with evaporating
liquid supplied from a Dewar because the refrigera-
tor does not discard the cooling available in the boil-
off gas. See REFRIGERATION; REFRIGERATION CYCLE;
THERMODYNAMIC CYCLE.

Storage and handling of cryogens. When gases are
cooled from ambient to cryogenic temperatures, and
liquefied, they undergo large increases in density,
ranging from a 648-fold increase for methane to an
867-fold increase for hydrogen. Such an increase

TABLE 2. Ideal (reversible) power requirements for cryogenic liquefaction and refrigeration

Liquefaction, Evaporating liquid Ideal refrigerator,

Fluid Temp., K W-h/liter* refrigeration, W/W? W/W#
Helium 4.2 236 326 70.4
Hydrogen 20.4 278 31.7 13.7
Neon 271 447 15.5 10.1
Nitrogen 77.4 173 3.87 2.88
Fluorine 85 238 3.26 2.53
Argon 87.3 185 2.95 2.44
Oxygen 90.2 195 2.89 2.33
Methane 111.5 129 2.15 1.69

*Ideal (minimum) work required to change gas at ambient temperature and pressure to liquid.

ldeal work to provide refrigeration at the cryogenic normal boiling point (column 2) by evaporating liquid without recovering the cooling available in
the boil-off gas. This value is obtained by dividing the ideal work of liquefaction by the fluid's heat of vaporization.

#ldeal work to provide refrigeration at the cryogenic normal boiling point with an ideal refrigerator such as Carnot or Stirling cycle machines.
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Fig. 3. Nearly ideal Collins-Claude gas liquefication cycle
on a temperature-entropy (7-S) diagram. Area
1-4'-6-B-C—1 represents heat removed to liquefy the gas;
area 1-A-6-4'—1 represents ideal (minimum) work required.

often makes it attractive to transport helium, hy-
drogen, oxygen, nitrogen, and natural gas as liquids,
even when the end use requires a gas. The storage ca-
pacity of a trailer or rail car is about 10 times greater
for liquid storage than gas storage.

Storage. Storage of cryogens requires special insu-
lated containers. For helium and hydrogen, whose
low heats of vaporization make them the most diffi-
cult to store, Dewars with evacuated multilayer in-
sulation and boil-off gas-cooled radiation shields are
used. Vacuums of 1073 torr (102 pascal) or better vir-
tually eliminate conduction heat ingress, while mul-
tilayer insulation, consisting of 100 or more layers of
0.25-mil (6-micrometer) aluminum-coated polyester
film, and gas-cooled radiation shields greatly reduce
radiation heat leak. Typical evaporative losses range
from about 2% per day for 25-gallon (100-liter) liquid-
helium Dewars to a fraction of a percent for large
liquid-helium Dewars. For higher-boiling-point cryo-
gens, with correspondingly higher heats of vapor-
ization, such as liquid oxygen, liquid nitrogen, and
liquefied natural gas (LNG), smaller containers use
evacuated multilayer insulation, whereas larger ves-
sels use evacuated perlite (silica powder) insulation
or, for very large LNG tanks, unevacuated silica pow-
der or foamed plastic. See DEWAR FLASK; HEAT INSU-
LATION.

Transfer and metering. Transfer of cryogens requires
pipes with insulations varying from evacuated mul-
tilayer insulation for liquid-helium service to foam
insulation for large LNG lines. Transfer is by pres-
sure, reciprocating pumps, or centrifugal pumps.
For superfluid helium, the thermomechanical pump,
which uses the unique ability of superfluid to flow
without friction through porous plugs with microm-
eter size-channels, is also available. See PUMP.

The large economic value of cryogens, as well
as the requirements of process control, make accu-

rate metering important. Many standard meters such
as orifice, venturi, turbine, positive-displacement,
and coriolis are used, although two-phase flow and
cavitation can reduce both accuracy and reliability.
Liquid-level measurement in calibrated tanks is also
used, especially for smaller vessels. See FLOW MEA-
SUREMENT; LEVEL MEASUREMENT.

Applications. Cryogenic technology has manifold
applications, including liquefaction of oxygen, ni-
trogen, and natural gas; transportation; aerospace;
medicine; physics research; and electric power
systems.

Oxygen and nitrogen. Every year the chemical, steel,
and medical industries use millions of tons of oxygen
and nitrogen. Although the end use is usually in the
form of gas for breathing oxygen and applications
such as basic oxygen steel making and production
of ammonia and methanol, delivery is frequently in
liquid form from cryogenic air-separation plants. See
AIR SEPARATION; NITROGEN; OXYGEN.

Liquefied natural gas. Natural gas (methane with de-
pending on the source, varying percentages of
ethane, propane, butane, and nitrogen) is liquefied
and shipped in insulated tankers with capacities up
to 860,000 bbl (135,000 m?). With the refrigeration
power of some LNG plants exceeding 450 MW, these
are the world’s largest refrigeration systems. Storage
vessels up to 1.6 x 10° bbl (250,000 m3) receive LNG
at the unloading sites.

Utility companies use LNG for either base load
(continuous supply) or peak shaving (peak require-
ments). At some smaller peak-shaving plants, LNG
is produced and stored during low-usage periods
and returned as natural gas to the pipeline system
during peak-usage periods. Some base-load installa-
tions contain air-separation facilities, so that refrig-
eration available from gasification of LNG can be ap-
plied to air liquefaction. See LIQUEFIED NATURAL GAS
(LNG).

Transportation. LNG has considerable potential as a
vehicle fuel because of its cost, efficient combus-
tion, and especially low emissions. Compressed nat-
ural gas-powered vehicles are becoming common-
place. Liquid hydrogen has been demonstrated as
both an aircraft and vehicle fuel, having the advan-
tages of cleanliness and absence of carbon dioxide
emission associated with the greenhouse effect. Pro-
totype magnetically levitated trains, supported by su-
perconducting magnets, are under evaluation. See
AIRCRAFT FUEL; MAGNETIC LEVITATION.

Aerospace. As exemplified by the space shuttle, lig-
uid hydrogen and liquid oxygen are the principal pro-
pellants for space flight because they have the high-
est specific impulse of any common fuel-oxidizer
combination. Slush hydrogen, a mixture of liquid and
solid hydrogen which coexist at 13.8 K (—434.8°F),
has been studied extensively as a fuel for space
probes and hypersonic aircraft-space vehicles. It of-
fers a 16% greater density than normal-boiling-point
hydrogen, as well as a greater capacity for cooling
engine and aerodynamic surfaces. Supercritical hy-
drogen and oxygen are used on space vehicles to
power fuel cells and to provide breathing oxygen.



Liquid oxygen, stowed in lightweight, well-insulated
containers, is used in military aircraft for breathing
oxygen and offers significant weight and space ad-
vantages over pressurized gas storage. See FUEL CELL;
ROCKET PROPULSION.

Cryogenic wind tunnels, injecting liquid nitrogen
to cool the flow, make possible matching of both
Reynolds number and Mach number on aerodynamic
models in the transonic region. Independent varia-
tion of the Reynolds and Mach numbers and lower
power consumption are further advantages over con-
ventional wind tunnels. See WIND TUNNEL.

Cooling infrared detectors in space satellites has
been the impetus for extensive development of cry-
ocoolers (small cryogenic refrigerators) which oper-
ate unattended for up to 5 years and supply refrig-
eration at 80 K (—316°F) and below. Considerable
progress has been made, mostly with Stirling-cycle
coolers, in attaining that required operating life. Su-
perfluid helium at about 1.8 K is used as a coolant
for infrared telescopes in astronomical satellites, and
as a refrigerant in satellite experiments.

Medicine. Using liquid nitrogen, cryopreservation
of human blood and bone and of both cattle and
human sperm for artificial insemination is common-
place. Cryosurgery, involving destruction of tissue by
freezing, is used to treat Parkinson’s disease, cancers,
and tumors (for example, pulmonary metastases, oral
squamous cell carcinoma, malignant melanoma, and
cancers of the brain, stomach and prostate). Rou-
tine cryotherapy removes warts without scarring.
See CRYOBIOLOGY.

Magnetic resonance imaging (MRI) uses a large-
bore superconducting magnet, cooled by liquid he-
lium, to produce medical images of the body similar
to x-ray tomography, but with better resolution of
soft, primarily hydrogenic body tissue. Clinical use
of these devices is widespread. See MEDICAL IMAG-
ING.

Physics research. Liquid helium-cooled supercon-
ducting magnets, operating at 4 K (—452°F), are fre-
quently used in high-energy particle accelerators for
beam bending and focusing. Radio-frequency, cavi-
ties, cooled to about 2 K with superfluid helium, are
used in electron-beam accelerators. Tokamak fusion
reactors employ large, liquid helium-cooled mag-
nets for confinement of the plasma. They are fu-
eled by injecting solid deuterium pellets at speeds
up to 1.2 mi/s (2 km/s) or more. These projects are
quite large and employ some of the world’s largest
helium refrigerators and liquefiers. See NUCLEAR FU-
SION; PARTICLE ACCELERATOR.

Low-temperature physics focuses on superfluid-
ity, superconductivity and, at temperatures below 1
millikelvin, the investigation of matter under con-
ditions where thermal disorder is small. See LOW-
TEMPERATURE PHYSICS.

Electric power systems. There have been a number
of feasibility demonstrations of superconducting
power systems cooled by liquid and supercritical
helium. These include superconducting power trans-
mission lines, superconducting generators and mo-
tors, low-loss superconducting transformers, and su-

perconducting magnetic energy storage. See ENERGY
STORAGE; SUPERCONDUCTING DEVICES.

Other applications. Additional applications of cryo-
genic technology include cryopumps for trapping
gases on refrigerated surfaces or molecular sieves
in vacuum systems, high-field-gradient magnetic sep-
aration and purification of materials, food preser-
vation, hydrogen isotope separation using low-
temperature distillation, metal treatment, and scrap
processing. See FOOD PRESERVATION; ISOTOPE SEPA-
RATION; VACUUM PUMP.

Superconductivity use. A number of the cryogenic ap-
plications discussed above use superconducting de-
vices, especially magnets. Cooling these devices is a
major area of cryogenic technology. The discovery of
high-temperature superconductors, some with tran-
sition temperatures over 150 K (—190°F), shows
promise of making economically feasible a num-
ber of applications that are currently uneconomical
with low-temperature, liquid helium-cooled super-
conductors. See MAGNET. D. E. Daney

Bibliography. Advances in Cryogenic Engineer-
ing, semiannually; A. Bejan, Advanced Engineering
Thermodynamics, 2d ed., 1997; T. M. Flynn and
K. D. Timmerhaus, Cryogenic Process Engineering,
1989; S. W. Van Sciver, Helium Cryogenics, 1986;
G. Walker, Cryocoolers, vols. 1 and 2, 1983; J. Wilks
and D. S. Betts, An Introduction to Liquid Helium,
2d ed., 1987, paper 1989.
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Cryolite

A mineral with chemical composition NasAlFs. Al-
though it crystallizes in the monoclinic system, cry-
olite has three directions of parting at nearly 90°, giv-
ing it a pseudocubic aspect. Hardness is 2!/, on Mohs
scale and the specific gravity is 2.95. Crystals are
usually snow-white but may be colorless and more
rarely brownish, reddish, or even black (see illus.).
The mean refraction index is 1.338, approximately
that of water, and thus fragments become invisible

siderite

galena—

2cm
B

White translucent cryolite in association with siderite and
galena, lvigtut, Greenland. (Specimen courtesy of
Department of Geology, Bryn Mawr College)
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when immersed in water. Cryolite, associated with
siderite, galena, and chalcopyrite, was discovered at
Ivigtut, Greenland, in 1794. This locality remains the
only important occurrence.

Cryolite was once used as a source of metallic
sodium and aluminum, but now is used chiefly as
a flux in the electrolytic process in the production
of aluminum from bauxite. See ALUMINUM; BAUXITE.

Cornelius S. Hurlbut, Jr.
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Cryotron

A current-controlled switching device based on
superconductivity for use primarily in computer
circuits. The early version has been superseded by
the tunneling cryotron, which consists basically of
aJosephson junction. In its simplest form (see illus.)

control line

;\/?‘\/Q

insulator

electrodes

Diagram of the tunneling cryotron.

the device has two electrodes of a superconducting
material (for example, lead) which are separated by
an insulating film only about 10 atomic layers thick.
For the electrodes to become superconducting, the
device has to be cooled to a few degrees above ab-
solute zero. The tunneling cryotron has two states,
characterized by the presence or absence of an elec-
trical resistance. They can be considered as the “on”
and “off” states of the switch, respectively. Switching
from on to off is accomplished by a magnetic field
generated by sending a current through the control
line on top of the junction. The device can switch in
a few picoseconds and has a power consumption of
only some microwatts. These properties make it an
attractive switching device for computers, promising
performance levels probably unattainable with other
devices. See JOSEPHSON EFFECT; SUPERCONDUCTING
DEVICES; SUPERCONDUCTIVITY. P. Wolf

Bibliography. W. Anacker, Computing at 4 degrees
Kelvin, IEEE Spectrum, 16:26-37, May 1979; W.
Krech (ed.), Superconductivity and Cryoelectron-
ics, 1991.
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Cryptobiosis

A state in which the metabolic rate of an organism is
reduced to an imperceptible level. The several kinds
of cryptobiosis (hidden life) include anhydrobiosis
(life without water), cryobiosis (life at low temper-
atures), and anoxybiosis (life without oxygen). Of
these, most is known about anhydrobiosis; therefore,
the discussion will be restricted to that type.

States of anhydrobiosis occur only in the early
developmental stages of various organisms, includ-
ing plant seeds, bacterial and fungal spores, cysts
of certain crustaceans, and certain insect larvae.
They occur in both developmental and adult stages
of certain soil-dwelling invertebrates (rotifers, tardi-
grades, and nematodes), mosses, lichens, and certain
ferns.

Induction of anhydrobiosis. Many organisms that
are capable of entering an anhydrobiotic state re-
quire a period of induction of the morphological
and biochemical alterations. For example, rotifers,
tardigrades, and nematodes include species that live
in the water associated with soil. When this water
dries up, the animals dry up also, but are not killed
by the dehydration. When they come in contact with
water again, they rapidly swell and assume active life,
often within minutes. In order to enter this remark-
able state the animals require slow dehydration, dur-
ing which they undergo pronounced morphological
changes. Tardigrades and rotifers contract longitudi-
nally, assuming a so-called tun configuration (Fig. 1).
Nematodes typically coil into tight spirals (Fig. 2).
In all these animals, the morphological changes char-
acteristic of cryptobiosis are thought to reduce the
rate of evaporative water loss by reducing the an-
imal’s surface area accessible to the surrounding

(a)

(b)

Fig. 1. Scanning electron micrographs of tardigrades:
(a) active and (b) anhydrobiotic. (From J. H. Crowe and A. F.
Cooper, Jr., Cryptobiosis, Sci. Amer., 225:30-36, 1971)



Fig. 2. Scanning electron micrograph of anhydrobiotic
nematode. (From J. H. Crowe and K. A. C Maden,
Anhydrobiosis in nematodes: Evaporative water loss and
survival, J. Exp. Zool., 193:323-334, 1975)

air. In addition, contraction of the body is thought
to entail ordered packing of organ systems and in-
tracellular contents, thereby obviating mechanical
damage.

Electron microscopy studies on dry organisms
lend support to these suppositions. During the slow
dehydration the animals show changes in their chem-
ical composition. The nematode Apbelenchus ave-
nae, for which there is the most information, synthe-
sizes two carbohydrates, free glycerol and trehalose,
that are thought to be important to its survival of de-
hydration. It appears that these molecules are made
from storage lipids by way of the glyoxylate cycle, a
biochemical pathway that is unusual among animals.
Once the animals have produced these compounds,
they can be dehydrated to less than 2% water content
and can be kept in this dehydrated state for years.
Workers in this field originally believed that both
these compounds might be involved in stabilizing
dry cells, but other studies have shown that while
trehalose appears to be present at high concentra-
tions in all animals that survive extreme dehydration,
glycerol is not always present. Trehalose is also found
at high concentrations in lower plants, such as yeast
cells and the desert resurrection plant, that survive
dehydration, but the analog of trehalose in higher
plants appears to be sucrose. Thus, the data available
from comparative biochemistry strongly suggest that
the disaccharides trehalose and sucrose are involved
in protecting dry organisms from damage due to de-
hydration.

In contrast with the above examples, cysts of crus-
taceans like the brine shrimp Artemia and seeds of
plants seem to require no inductive period prior to
anhydrobiosis. An Artemia cyst, for example, is an
embryo covered with a capsule that is produced by
the mother. The encapsulated embryo is released
from the mother in a partially dehydrated state, and
may afterward be rapidly reduced to low water con-
tent. Female Artemia also produce embryos with-
out capsules that proceed with normal development
without an intervening period of anhydrobiosis. In
fact, these nonencapsulated embryos appear inca-

pable of surviving dehydration. Encapsulated em-
bryos contain large amounts of free glycerol and
trehalose, similar to the amounts found in anhydro-
biotic nematodes. Embryos produced without cap-
sules contain insignificant amounts of glycerol and
far less trehalose. Thus, induction of anhydrobiosis
certainly occurs in Artemia, but the inductive mech-
anisms, which are poorly understood, probably act
on the parent rather than directly on the embryo.
Similar arguments can be made concerning the in-
duction of anhydrobiosis in the seeds of higher plants
and bacterial and fungal spores.

Biochemical adaptation and anhydrobiosis. Aside
from gross mechanical stresses, dehydration results
in a variety of other stresses that the chemical com-
position of anhydrobiotes may inhibit or obviate al-
together. For example, it is well established that
most macromolecules and cell membranes are main-
tained in a functional state by hydrophobic inter-
actions. When water is removed, molecules and
membranes lose their functionality; in proteins hy-
drophobic residues are exposed, and membranes
undergo phase transitions that are likely to result
in displacement of integral proteins from the mem-
brane. A considerable body of evidence is accumu-
lating which suggests that disaccharide compounds
like trehalose may interact with macromolecules and
membranes, stabilizing them at low water activities.
For example, it has been possible to dry membranes
in the presence of trehalose and to obtain mem-
branes that show normal biological activity and struc-
ture upon rehydration. By contrast, when the same
membranes are dried without trehalose, extensive
structural damage occurs and all biological activity
is lost. Similarly, proteins that are usually labile to dry-
ing can be dried in the presence of trehalose without
loss of activity. See CELL MEMBRANES.

Another possible consequence of dehydration is
that molecules, normally separated by bulk water in
hydrated cells, would come into proximity, poten-
tially resulting in chemical reactions between these
molecules. Trehalose could serve as a substitute for
bulk water, preventing such reactions. Yet another
possible consequence of dehydration arises from the
observation that oxygen is deleterious to anhydro-
biotes. The organisms survive much longer in the
dry state if oxygen is excluded.

It has been shown that damage to the dry or-
ganisms is probably due to direct oxidation of their
chemical constituents, resulting in the formation of
highly reactive free radicals; and that free glycerol
inhibits such oxidation, which may explain the pres-
ence of glycerol in many dry but viable organisms.
Finally, the reaction between reducing sugars and
protein in the dry state, which is known as
the browning reaction, could have serious conse-
quences for dry tissues. This reaction involves the
formation of a covalent bond between the protein
and sugar, resulting in an insoluble product and de-
natured protein. It is possible that glycerol inhibits
this reaction. It is not known whether sugars like tre-
halose show a browning reaction with dry proteins,
since it is a nonreducing disaccharide of glucose.

Cryptobiosis
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Thus, it would be an advantage to the anhydrobiote
to store low-molecular-weight carbohydrates in this
form.

Longevity of anhydrobiotes. It is not known just
how long anhydrobiotes can survive. Some nema-
todes have been revived after being kept dry for
39 years. A museum specimen of moss that had been
kept dry for over 120 years yielded a number of vi-
able rotifers and tardigrades. Cysts of Artemia sur-
vive under appropriate conditions (under vacuum
and at temperatures below 32°F or 0°C) for at least
10 years and probably considerably longer. Possibly
the most celebrated (and most debated) case of ex-
treme longevity of anhydrobiotes is that of the vi-
able lotus seeds recovered from a dry peat bed in
Manchuria by Professor I. Ohga in 1927. These seeds
were initially reported to be about 400 years old,
but radiocarbon dating suggested the seeds were no
more than 150 years old. Other, similar reports have
appeared, but the greatest authenticated longevity
for a seed was obtained from the accidental hydra-
tion and subsequent germination of a seed in the
British Museum in the course of an air raid in 1942.
The seed had been mounted on a herbarium sheet in
1702. Thus, though there is no definitive data on the
limit of longevity of anhydrobiotes, it seems likely to
be impressive—on the order of centuries.

A factor that may be related to the longevity of an-
hydrobiotes is their phenomenal resistance to envi-
ronmental extremes. In the 1920s researchers found
that anhydrobiotic rotifers and tardigrades could be
exposed to temperatures as high as 304°F (151°C)
and as low as —328°F (—200°C), provided their water
content was low. It has also been shown that an-
hydrobiotic rotifers and tardigrades survived expo-
sure to a temperature at the brink of absolute zero
(0.008 K). The reported LDs, (median lethal dose)
for x-ray exposure of anhydrobiotic tardigrades is
570,000 roentgens; by contrast, the LDs, for humans
is about 500 roentgens. Tardigrades and nematodes
will survive exposure to high vacuum (less than
10~° mmHg or 10~Pa). In fact, the tardigrade shown
in Fig. 16 and the nematode in Fig. 2 were each kept
at such a vacuum and were bombarded with elec-
trons for 15 min or longer in a scanning electron mi-
croscope. When the animals were moistened after
removal from the microscope they both recovered,
although the tardigrade died shortly afterward. Simi-
lar observations have been made on cysts of Artemial,
seeds, and spores.

The resistance of anhydrobiotes to environmental
extremes has important economic consequences. As
a result, considerable research has been devoted to
killing anhydrobiotes if they are detrimental to hu-
mans and their various agricultural endeavors or to
preserving the anhydrobiotes if they are beneficial.
For example, many soil-dwelling nematodes that ex-
hibit anhydrobiosis are important agricultural pests.
In the anhydrobiotic state they are remarkably re-
sistant to chemical control measures. Artemia cysts
and seeds, on the other hand, are beneficial to hu-
mans, and the fact that they can be stored and trans-
ported dry is particularly convenient. Artemia cysts

have become vital links in aquaculture systems. The
cysts are hydrated and hatched, and the young brine
shrimp are fed to fish, crustaceans, and other aquatic
animals maintained in culture.

Other applications of anhydrobiosis. The discovery
that biological membranes and proteins can be dried
in the presence of trehalose without loss of activ-
ity has led to applications that may be important
in human welfare. For instance, liposomes are ar-
tificial membranes enclosing an aqueous compart-
ment. These structures are being used for delivery
of water-soluble drugs to cells. The liposomes are in-
jected intravenously and are transported through the
circulatory system. They fuse with cell membranes,
depositing the drug in the cytoplasm of the cell. Ul-
timately, it may be possible to target specific cells
with liposomes. One difficulty with this application
is that liposomes are not stable structures. However,
it is now possible to dry the liposomes with tre-
halose and to store them in this state. When the lipo-
somes are needed, water can be added and they are
ready for immediate use. There are similar applica-
tions in other areas of the pharmaceutical industry,
medicine, and agriculture.

Metabolism of anhydrobiotes. A central question in
the study of anhydrobiosis has been whether
metabolism actually ceases. Most investigations in
this area have involved attempts at measuring the
metabolic rate of the dry organism directly. In-
creasingly sophisticated measurements have been
made, using, for example, oil-filled cartesian divers
to record oxygen uptake, radiotracers to study
metabolism of radiolabeled metabolic intermediates,
and gas chromatography to determine emission of
carbon dioxide from the anhydrobiote. In all these
studies the rate of metabolism recorded is low or
undetectable. However, such observations cannot
be construed to imply that metabolism is lacking
altogether. The argument can always be made that
metabolism does proceed in the anhydrobiote but
the techniques used are not sufficiently sensitive to
measure it. The most convincing argument is the
one based on the hydration properties of proteins
in laboratory cultures: If all the water contained by
an anhydrobiotic organism were associated with pro-
tein, the protein would still exist in a semicrystalline
state, and enzymes would not possess catalytic activ-
ity. Thus, enzyme-mediated metabolism must almost
certainly cease at the low water contents that these
organisms can possess. However, some chemical re-
actions do proceed in anhydrobiotes; mostly they
are deleterious ones, such as the browning reaction.
Such reactions could be construed as metabolism.
But would it then follow that chemical reactions in
rocks, air, and dead animals are metabolism, or even
that a cosmic metabolism comprises the total chem-
ical reactions of the universe.

Thus, the available evidence strongly suggests that
dry anhydrobiotes are ametabolic. If thatis the case, a
philosophical question immediately arises concern-
ing the nature of life. If metabolism is absent, the or-
ganism is generally referred to as dead. By this line of
reasoning, anhydrobiotes would therefore be dead,



returning to life when they are rehydrated. But it is
also known that some anhydrobiotes die while in the
dry state, in the sense that an increasing proportion
of the population fails to resume activity upon rehy-
dration. It follows, then, that they must have “died”
while they were “dead.”

This philosophical quandary can be avoided by
applying the definition of life adopted by most stu-
dents of anhydrobiosis: An organism is alive, pro-
vided its structural integrity is maintained. When
that integrity is violated, it is dead. See METABOLISM;
PLANT METABOLISM. John H. Crowe; Lois M. Crowe

Bibliography. J. H. Crowe et al., Biochim. Biophys.
Acta Membranes Rev., 947:367-384, 1988;]J. H.
Crowe and J. S. Clegg, Anbydrobiosis, 1973; J. H.
Crowe and . S. Clegg, Dry Biological Systems, 1978;
C. Leopold, Membranes, Metabolism and Dry Or
ganisms, 1986; S. Weisburd, Death-defying dehydra-
tion, Sci. News, 133:107-110, February 13, 1988.
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Cryptography

The various mechanisms for data confidentiality,
data authentication, and nonrepudiation (that is, the
property to prevent the denial of previous commit-
ments or actions). Cryptography, with a long history
of being an art of secret writing, has evolved into a
science. As society is increasingly dependent upon
computers, the vast amounts of data communicated,
processed, and stored within computer systems and
networks often have to be protected, and cryptog-
raphy is a means of achieving this. It provides con-
fidentiality services for transmitted data as well as
stored data. Cryptographic techniques can also be
used for message authentication, entity authentica-
tion, and digital signature verification for electronic
funds transfer and credit card transactions. See COM-
PUTER SECURITY; DATA COMMUNICATION; DATABASE
MANAGEMENT SYSTEM; DIGITAL COMPUTER,; ELEC-
TRICAL COMMUNICATIONS.

Basics. Data confidentiality is the property that
only those authorized can access the data. Cryptog-
raphy achieves data confidentiality by transforming
meaningful messages, called plaintext, into unintel-
ligible forms, called ciphertext or cryptogram. The
process of transforming plaintext into ciphertext is
called encryption or encipherment, and the oppo-
site process is called decryption or decipherment.
(An encryption scheme is also referred to as a ci-
pher.) As shown in Fig. 1, the encryption algorithm
is controlled by a parameter £/, and the decryption
algorithm is controlled by a secret &, known as a
key. For confidentiality purposes, & should be kept

Fig. 1. The confidentiality model.

Fig. 2. The authentication model.

secret. If &’ of a cipher can be used to derive &, then &’
should also be kept secret, and such a cipher is called
a symmetric key encryption. If it is computationally
hard (see below) to derive & from £/, then £’ can be
made public and the corresponding cipher is called
an asymmetric encryption or a public key encryp-
tion. In most symmetric key encryption schemes, &’
is the same as & and they are called symmetric keys.
In public key cryptography, &’ is called a public key
and & is called a private key.

In a symmetric key encryption, if each encryption
operation processes just one character or one bit, it
is called a stream cipher. A block cipher, on the other
hand, encrypts a block of fixed size, usually multiple
bytes, each time.

In addition to data confidentiality, cryptography
provides both data-origin authentication and entity
authentication services. Data-origin authentication
allows a message receiver to verify the message ori-
gin and its integrity. Entity authentication allows one
to check the identity of another entity that possesses
a certain secret. Given a message m, cryptography
achieves data-origin authentication by appending to
the message some additional bits (such as “s” in
Fig. 2), called authentication tags, which are com-
puted from m and a secret k. The receiver of the
message and the authentication tags can verify the
message origin and integrity by applying a verifica-
tion parameter &’ to the received data, including the
authentication tags and the message. In most sym-
metric key cryptosystems, & and &’ are the same and
they should be kept secret. In public key cryptog-
raphy, £ can be made public and k& is kept secret;
it is computationally hard (see below) to derive &
from &'. Authentication tags generated by symmetric-
key cryptography are called message authentication
codes (MAC), which can be generated by both the
sender and the receiver as both of them know k. In
contrast, authentication tags by public key cryptog-
raphy, called digital signatures, are stronger: since
only the sender knows & and can produce a valid
authentication tag under &, he cannot deny having
sent the message in a later situation. Thus authentica-
tion tags by public key cryptography are the digital
equivalent of a handwritten signature and have the
potential for the nonrepudiation service.

Data confidentiality and data authentication are or-
thogonal in that one can exist without the other. On
one hand, the authentication model given in Fig. 2
does not provide data confidentiality since message
m is sent in the clear. On the other hand, encryp-
tion alone is insufficient to ensure that information is
not altered during transmission. This fact is most evi-
dent when encryption with a public key algorithm is
used. With a public key system, anyone can encipher
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data by using the public enciphering key. Thus, any
system user or node can masquerade as any other
system user or node.

The opposite of cryptography is cryptanalysis,
which studies techniques to defeat cryptographic
methods. Cryptanalysts are those people doing
cryptanalysis. The security of an encryption/
authentication algorithm should depend solely on
the secrecy of keys, not on the secrecy of algorithms.
It is often assumed that the enemy cryptanalysts
know the details of the algorithm employed.

In summary, symmetric block ciphers, symmetric
stream ciphers, and public key encryption ciphers
are used for data confidentiality, while MAC and dig-
ital signature algorithms are used for data authenti-
cation. We will first review the fundamental theory
of these cryptographic algorithms and then give the
details of some practical cryptographic algorithms.

Unbreakable algorithms. Unbreakable ciphers are
possible, but the key must be randomly selected and
used only once, and its length must be equal to or
greater than that of the plaintext to be enciphered.
Therefore such long keys, called one-time tapes, are
not practical in data-processing applications.

Similarly, unconditionally secure authentication
schemes (that is, schemes whose security does not
depend on the computational power of the adver-
sary) are possible. But the key must be randomly se-
lected and used only once, which makes such keys
impractical.

To work well, a key must be of fixed length, rel-
atively short, and capable of being repeatedly used
without compromising security. In theory, any algo-
rithm that uses such a finite key can be analyzed; in
practice, the effort and resources necessary to break
the algorithm would be unjustified.

Strong algorithms. Fortunately, to achieve effective
data security, construction of an unbreakable algo-
rithm is not necessary. However, the work factor (a
measure, under a given set of assumptions, of the
requirements necessary for a specific analysis or at-
tack against a cryptographic algorithm) required to
break the algorithm must be sufficiently great. In-
cluded in the set of assumptions is the type of in-
formation expected to be available for cryptanalysis.
For encryption schemes, this could be ciphertext
only, plaintext (not chosen/known) and correspond-
ing ciphertext, chosen plaintext and corresponding
ciphertext, or chosen ciphertext and corresponding
recovered plaintext.

A strong cryptographic algorithm must satisfy the
following conditions: (1) The algorithm’s mathemat-
ical complexity prevents, for all practical purposes,
solution through analytical methods. (2) The cost or
time necessary to unravel the message or key is too
great when mathematically less complicated meth-
ods are used, either because too many computational
steps are involved or because too much storage space
is required.

To be strong, an encryption algorithm must satisfy
the above conditions even when the analyst has the
following advantages: (1) Relatively large amounts
of plaintext (specified by the analyst, if so desired)

and corresponding ciphertext are available. (2) Rel-
atively large amounts of ciphertext (specified by the
analyst, if so desired) and corresponding recovered
plaintext are available. (3) Large high-speed comput-
ers are available for cryptanalysis.

Similarly, to be strong, an authentication algorithm
must satisfy the above conditions even when the ana-
lyst has been given large amounts of messages (spec-
ified by the analyst, if so desired) and their corre-
sponding authentication codes.

Computational complexity. The strength of a cryp-
tographic scheme can be measured by the compu-
tational complexity of the task of cryptanalysis. The
complexity of a task is the least possible number of el-
ementary operations used by any program to accom-
plish this task. However, nontrivial lower bounds on
the complexity of a problem are very hard to obtain.
This is a fundamental problem in the design of cryp-
tographic systems: it is very difficult to ensure that a
system is sufficiently hard to crack. Without a good
lower bound, the possibility that someone will find
a fast algorithm for cryptanalyzing a given scheme
must always be anticipated.

Problem classes P and NP. An important direc-
tion of theoretical work concerns the consideration
(from computer science) of P versus NP. The class P
consists of those problems which can be solved in
polynomial time. That is, there are constants ¢ and &
such that, if the input to the problem can be specified
in NV bits, the problem can be solved on a sequential
machine in time ¢ x N*. Roughly speaking, these
are the tractable problems. They include multiplica-
tion of two large numbers, exponentiation modulo
a large prime, running the Data Encryption Standard
(discussed below), and roughly any straightforward
problem that does not involve searching.

The class NP (nondeterministic polynomial time)
consists of problems which can be solved by search-
ing. Roughly speaking, a possible solution to a prob-
lem in NP is to guess in turn each of 2V possible
values of some N-bit quantity, do some polynomial-
time work related to each guess, and if some guess
turns out to be correct, report the answer.

An example of a problem in NP is the knapsack
problem: Given a set of integers {4;, A,,...,4,}
and a target integer B, can a subset of the A; be se-
lected without repetition (say {4, 43, Ag})such that
their sum (4, + A5 + Ag) is the target B? One algo-
rithm for solution is to try all possible subsets and just
see whether any has the desired property. This algo-
rithm requires exponential time, so called because
the size of the input (1) occurs in the exponent of
the formula expressing the running time (in this case,
roughly 2"). In fact, all known algorithms for this
problem require exponential time. But there may be
an unknown algorithm that runs in polynomial time;
no proof prohibiting this is currently known.

Certainly, any problem in P is also in NP A
major outstanding question in computer science is
whether P equals NP or whether NP is strictly larger.

There is a particular collection of problems in NP,
including the knapsack problem, which are termed
NP-complete. These can be thought of as the hardest



problems in NP. More precisely, an important mathe-
matical result states: If there are any problems in NP
but not in P, then each NP-complete problem is also
in NP but not in P. This class has particular signifi-
cance for cryptography.

In a good cryptographic system, certain opera-
tions (like decryption) are easy for those in posses-
sion of the key and difficult for those without the key.
The cryptanalyst who could first guess and verify the
correct key would be able to decrypt easily (in poly-
nomial time). This could be done by searching over
the space of possible keys and attempting to verify
each one in polynomial time. Since the problem can
be solved by searching, decryption is in NP.

If P = NP, then decryption would also be in P, and
a good cryptographic system would most likely be
difficult to design. If P # NP, then the NP-complete
problems might form a good starting point for cryp-
tographic system design. Unfortunately, mathemati-
cians and cryptographers have not yet learned how
to transform an NP-complete problem into a secure
cryptographic system.

Even if an NP-complete problem is eventually
transformed successfully into a cryptographic sys-
tem, a proof of the difficulty of cryptanalysis of that
system (or any other) can be expected to be taxing.
Such a proof would probably also prove that P = NP,
and this conjecture has eluded computer scientists
so far. Thus, for now, the designers of cryptographic
systems must rely on experience rather than rigorous
proof of the difficulty of cryptanalysis.

Examples. Many practical and strong crypto-
graphic algorithms have been developed. The Data
Encryption Standard (DES), a block cipher, would re-
quire massive attacks to break it. The only known
attacks are key exhaustion, which involves trying
all 25¢ ~ 107 possible keys, or attacks involving
prohibitively large amounts (10'* bytes) of known
plaintext and corresponding ciphertext. There is no
guarantee against a more efficient, analytic attack, al-
though none is known at present. A 56-bit key is
not considered secure these days. A more advanced
block cipher, Advanced Encryption Standard (AES),
uses longer keys and larger data blocks and is as-
sumed to be more secure and more efficient.

On the public key encryption vein, the RSA en-
cryption algorithm, also discussed below, is based
on the difficulty of factoring large numbers. How-
ever, a family of algorithms has been developed for
factoring such numbers. If the modulus involved has,
say, 2048 bits, then RSA should be secure in the fore-
seeable future. Other popular public key encryption
algorithms include ElGamal public key encryption
and Elliptic-curve (EC) public key encryption, both
of which are based on the difficulty of the discrete
logarithm problem.

Efficient MAC algorithms include those based on
the cipher block chaining (CBC) mode of block ci-
phers, called CBC-MAC, and the MAC algorithms
based on cryptographic hash algorithms, called
HMAC.

Among the efficient digital signature algorithms
are the RSA digital signature algorithm, the Digital
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Fig. 3. Block cipher. (a) Enciphering. (b) Deciphering.

Signature Standard (DSS, discussed below), and the
Elliptic-curve Digital Signature Algorithm (ECDSA).

Block ciphers. A block cipher (Fig. 3) transforms
a string of input bits of fixed length (called an input
block) into a string of output bits of fixed length
(called an output block). In a strong block cipher,
the enciphering and deciphering functions are such
that every bit in the output block jointly depends on
every bit in the input block and on every bit in the
key. This property is called intersymbol dependence.

Data encryption standard. Regardless of the appli-
cation, a cryptographic system must be based on a
cryptographic algorithm of validated strength if it
is to be acceptable. The data encryption standard
(DES) was such a validated conventional algorithm
available in the public domain. It was accepted as
a standard by the NIST in 1997 and was officially
retired in 2004.

The DES enciphers a 64-bit block of plaintext into
a 64-bit block of ciphertext under the control of a
56-bit key. Conceptually, it can be thought of as a
huge key-controlled substitution box (S-box) with
a 64-bit input and output. With such an S-box, 204!
different transformations or functions from plaintext
to ciphertext are possible. The 56-bit key used with
DES thus limits the number of usable functions to
256,

A single, huge S-box is impossible to construct.
Therefore DES is implemented by using several
smaller S-boxes (with a 6-bit input and a 4-bit out-
put) and permuting their concatenated outputs. By
repeating the substitution and permutation process
several times, cryptographic strength “builds up.”
The DES encryption process (Fig. 4) consists of 16 it-
erations, called rounds. At each round a cipher func-
tion (f) is used with a 48bit key. The function is
composed of the substitution and permutation. The
48-bit key, which is different for each round, is a sub-
set of the bits in the externally supplied key.

The externally supplied key consists of 64 bits
(56 bits are used by the algorithm, and up to 8 bits
may be used for parity checking). By shifting the orig-
inal 56-bit key, a different subset of 48 key bits is
selected for use in each round. These key bits are la-
beled Ky, K,. . ., Ki6. To decipher, the keys are used
in reverse order (Ki4 is used in round one, Kjs in
round two, and so on).

input block
(ciphertext)
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output block
(recovered plaintext)



90  Cryptography

permuted input ‘

preliminary
output

‘ input ‘
]
C initial permutation D
\72 S Vv
Lo ‘ ‘ Ro ‘
' K
¥ & 1
Li=Ro | | Ri=Lo®fRo, Ky)
[ K
: % ’
L,=R, | | Ro=Li®fRy, Ky
' o - K
=
S — ]
T I !
| Lis=Rig | | Ris=Lia®Rya, Ky |
|
v % i Kie

[Rig=L1s®TRys, Kye) |

‘ Lis=Ris ‘

(_inverse initial permutation )

2

output ‘

Fig. 4. Enciphering computation in the Data Encryption Standard.

At each round (either encipherment or decipher-
ment), the input is split into a left half (designated L)
and a right half (designated R) [Fig. 4]. R is trans-
formed with f, and the result is combined, using
modulo 2 addition (also called the EXCLUSIVE OR
operation; 0 @ 1 =1,1 & 0=1,0 & 0 =0,
1 & 1 =0), with L. To consider one round of enci-
pherment (Fig. 5), the input block (X) may be de-
noted X = (L, Ry), where L, and R, are the left and
right halves of X, respectively. Function f transforms
Ry into fx;(Re) under control of cipher key K;. L is
then added (modulo 2) to fx;(Ry) to obtain Ry, as in
Eq. (1). The round is then completed by setting L,
equal to R,.

Lo & fx,Ro) = Ry @

The above steps are reversible, without introduc-
ing any new parameters or requiring that f be a one-
to-one function. The ciphertext contains L;, which
equals Ry, and therefore half of the original plain-
text is immediately recovered (Fig. 6). The remain-
ing half, L,, is recovered by recreating fx1(Ro) from
Ry = L; and adding it (modulo 2) to Ry, as in Eq. (2).

R & fx, R =[Lo & fx, Rp)] & fx, R =Ly (2

However, to use the above procedure for enci-
pherment as well as decipherment, the left and right
halves of the output must be interchanged; that is,
the ciphertext (Y) is defined by Eq. (3). This modi-

Y=I[Ly & fx,Ro)], Ro 6))

fied procedure easily extends to n rounds, where the
keys used for deciphering are K,,, K,,.1,. . ., K.

Advanced Encryption Standard (AES). The key
length of DES is 56 bits, which is considered weak.
Also, the 64-bit DES data block size is too small for
modern applications. To overcome these difficulties,
the National Institute of Standards and Technology
(NIST) adopted an adapted version of the Rijndael al-
gorithm, a symmetric block cipher, as the Advanced
Encryption Standard (AES). AES uses 128-bit data
block size and its keys can be 128, 192, and 256 bits,
called AES-128, AES-192, and AES-2506, respectively.
Like DES, AES has multiple rounds: AES-128 has
10 rounds, AES-192 has 12 rounds, and AES-256 has
14 rounds. Different from DES, AES is not based on
the Feistel cipher structure (Fig. 5).

In AES, the 16-byte plaintext is organized into a
4-by-4-byte array, called the State. The plaintext bytes
are filled into the byte array in a column-wise way: the
first column first, then the second column, the third
column, and the 