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A

Aardvark

Abacus

Abrasives

Abscess

Absolute zero
Abyssal plain
Acceleration
Accelerators
Accretion disk
Accuracy

Acetic acid
Acetone
Acetylcholine
Acetylsalicylic acid
Acid rain

Acids and bases
Acne

Acorn worm
Acoustics
Actinides

Action potential
Activated complex
Active galactic nuclei
Acupressure
Acupuncture

ADA (adenosine deaminase)

deficiency
Adaptation
Addiction
Addison’s disease
Addition
Adenosine diphosphate
Adenosine triphosphate
Adhesive

TOPIC LIST

Adrenals

Aerobic
Aerodynamics
Aerosols

Africa

Age of the universe
Agent Orange
Aging and death
Agouti
Agricultural machines
Agrochemicals
Agronomy

AIDS

AIDS therapies and vaccines

Air masses and fronts
Air pollution
Aircraft
Airship
Albatrosses
Albedo
Albinism
Alchemy
Alcohol
Alcoholism
Aldehydes
Algae
Algebra
Algorithm
Alkali metals
Alkaline earth metals
Alkaloid
Alkyl group
Alleles
Allergy
Allotrope
Alloy
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Alluvial systems

Alpha particle

Alternative energy sources
Alternative medicine

Altruism

Aluminum

Aluminum hydroxide

Alzheimer disease

Amaranth family (Amaranthaceae)
Amaryllis family (Amaryllidaceae)

American Standard Code for
Information Interchange

Ames test
Amicable numbers
Amides

Amino acid
Ammonia
Ammonification
Amnesia
Amniocentesis
Amoeba
Amphetamines
Amphibians
Amplifier
Amputation
Anabolism
Anaerobic
Analemma
Analgesia

Analog signals and digital signals
Analytic geometry
Anaphylaxis
Anatomy
Anatomy, comparative
Anchovy

Anemia
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Topic List

Anesthesia
Aneurism

Angelfish
Angiography
Angiosperm

Angle

Anglerfish

Animal

Animal breeding
Animal cancer tests
Anion

Anode

Anoles

Ant-pipits
Antarctica

Antbirds and gnat-eaters
Anteaters

Antelopes and gazelles
Antenna

Anthrax
Anthropocentrism
Anti-inflammatory agents
Antibiotics
Antibody and antigen
Anticoagulants
Anticonvulsants
Antidepressant drugs
Antihelmintics
Antihistamines
Antimatter
Antimetabolites
Antioxidants
Antiparticle
Antipsychotic drugs
Antisepsis

Antlions

Ants

Anxiety

Apes

Apgar score

Aphasia

Aphids
Approximation
Apraxia

Aqueduct

Aquifer

Arachnids

Arapaima

viii

Arc

ARC LAMP

Archaebacteria

Archaeoastronomy

Archaeogenetics

Archaeology

Archaeometallurgy

Archaeometry

Archeological mapping

Archeological sites

Arithmetic

Armadillos

Arrow worms

Arrowgrass

Arrowroot

Arteries

Arteriosclerosis

Arthritis

Arthropods

Arthroscopic surgery

Artifacts and artifact classification

Artificial fibers

Artificial heart and heart valve

Artificial intelligence

Artificial vision

Arum family (Araceae)

Asbestos

Asexual reproduction

Asia

Assembly line

Asses

Associative property

Asteroid 2002AA29

Asthenosphere

Asthma

Astrobiology

Astroblemes

Astrolabe

Astrometry

Astronomical unit

Astronomy

Astrophysics

Atmosphere, composition and
structure

Atmosphere observation

Atmospheric circulation

Atmospheric optical phenomena

Atmospheric pressure

Atmospheric temperature
Atomic clock

Atomic models

Atomic number

Atomic spectroscopy
Atomic theory

Atomic weight

Atoms

Attention-deficit/Hyperactivity
disorder (ADHD)

Auks

Australia

Autism

Autoimmune disorders
Automatic pilot
Automation
Automobile
Autotroph

Avogadro’s number
Aye-ayes

B

Babblers
Baboons
Bacteria
Bacteriophage
Badgers

Ball bearing
Ballistic missiles
Ballistics
Balloon
Banana
Bandicoots
Bar code
Barberry
Barbets
Barbiturates
Bariatrics
Barium
Barium sulfate
Bark

Barley
Barnacles
Barometer
Barracuda
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Barrier islands
Basin

Bass

Basswood
Bathysphere

Bats

Battery

Beach nourishment
Beardworms

Bears

Beavers

Bedrock

Bee-eaters

Beech family (Fagaceae)
Bees

Beet

Beetles

Begonia

Behavior
Bennettites

Benzene

Benzoic acid
Bernoulli’s principle
Beta-blockers

Big bang theory
Binary star
Binocular

Binomial theorem
Bioaccumulation
Bioassay
Biochemical oxygen demand
Biochemistry
Biodegradable substances
Biodiversity
Bioenergy
Biofeedback
Biofilms

Bioinformatics and computational

biology
Biological community
Biological rhythms
Biological warfare
Biology
Bioluminescence
Biomagnification
Biomass
Biome
Biophysics

Bioremediation
Biosphere
Biosphere Project
Biotechnology
Bioterrorism

Birch family (Betulaceae)
Birds

Birds of paradise
Birds of prey

Birth

Birth defects

Bison

Bitterns

Bivalves

BL Lacertae object
Black hole
Blackbirds
Blackbody radiation
Bleach

Blennies

Blindness and visual impairments

Blindsnakes

Blood

Blood gas analysis
Blood supply
Blotting analysis
Blue revolution (aquaculture)
Bluebirds

Boarfish

Boas

Bohr Model

Boiling point

Bond energy

Bony fish

Boobies and gannets
Boolean algebra
Boric acid

Botany

Botulism

Bowen’s reaction series
Bowerbirds

Bowfin

Boxfish
Brachiopods
Brackish

Brain

Brewing

Brick
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Bridges
Bristletails
Brittle star

Bromeliad family (Bromeliaceae)

Bronchitis

Brown dwarf

Brownian motion
Brucellosis

Bryophyte

Bubonic plague
Buckminsterfullerene
Buckthorn

Buckwheat

Buds and budding

Buffer

Building design/architecture
Bulbuls

Bunsen burner

Buoyancy, principle of
Buret

Burn

Bustards

Buttercup

Butterflies

Butterfly fish

Butyl group

Butylated hydroxyanisole
Butylated hydroxytoluene
Buzzards

C

Cactus
CAD/CAM/CIM
Caddisflies
Caecilians
Caffeine

Caisson

Calcium

Calcium carbonate
Calcium oxide
Calcium propionate
Calcium sulfate
Calculator
Calculus
Calendars

ix
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Topic List

Calibration

Caliper

Calorie

Calorimetry

Camels

Canal

Cancel

Cancer

Canines

Cantilever

Capacitance

Capacitor

Capillaries

Capillary action

Caprimulgids

Captive breeding and
reintroduction

Capuchins

Capybaras

Carbohydrate

Carbon

Carbon cycle

Carbon dioxide

Carbon monoxide

Carbon tetrachloride

Carbonyl group

Carboxyl group

Carboxylic acids

Carcinogen

Cardiac cycle

Cardinal number

Cardinals and grosbeaks

Caribou

Carnivore

Carnivorous plants

Carp

Carpal tunnel syndrome

Carrier (genetics)

Carrot family (Apiaceae)

Carrying capacity

Cartesian coordinate plane

Cartilaginous fish

Cartography

Cashew family (Anacardiaceae)

Cassini Spacecraft

Catabolism

Catalyst and catalysis

Catastrophism

Catfish

Catheters

Cathode

Cathode ray tube
Cation

Cats

Cattails

Cattle family (Bovidae)
Cauterization

Cave

Cave fish

Celestial coordinates
Celestial mechanics

Celestial sphere: The apparent
motions of the Sun, Moon,

planets, and stars
Cell
Cell death
Cell division
Cell, electrochemical
Cell membrane transport
Cell staining
Cellular respiration
Cellular telephone
Cellulose
Centipedes
Centrifuge
Ceramics
Cerenkov effect
Cetaceans
Chachalacas
Chameleons
Chaos
Charge-coupled device
Chelate
Chemical bond
Chemical evolution
Chemical oxygen demand
Chemical reactions
Chemical warfare
Chemistry
Chemoreception
Chestnut
Chi-square test
Chickenpox
Childhood diseases
Chimaeras
Chimpanzees

Chinchilla

Chipmunks

Chitons

Chlordane

Chlorinated hydrocarbons
Chlorination

Chlorine
Chlorofluorocarbons (CFCs)
Chloroform

Chlorophyll

Chloroplast

Cholera

Cholesterol

Chordates

Chorionic villus sampling (CVS)
Chromatin
Chromatography
Chromosomal abnormalities
Chromosome
Chromosome mapping
Cicadas

Cigarette smoke

Circle

Circulatory system
Circumscribed and inscribed
Cirrhosis

Citric acid

Citrus trees

Civets

Climax (ecological)
Clingfish

Clone and cloning

Closed curves

Closure property

Clouds

Club mosses

Coal

Coast and beach

Coatis

Coca

Cocaine

Cockatoos

Cockroaches

Codeine

Codfishes

Codons

Coefficient

Coelacanth

GALE ENCYCLOPEDIA OF SCIENCE 3



Coffee plant
Cogeneration
Cognition

Cold, common
Collagen

Colloid

Colobus monkeys
Color

Color blindness
Colugos

Coma
Combinatorics
Combustion

Comet Hale-Bopp
Comets
Commensalism
Community ecology
Commutative property
Compact disc
Competition
Complementary DNA
Complex

Complex numbers
Composite family
Composite materials
Composting
Compound, chemical
Compton effect
Compulsion
Computer, analog
Computer, digital
Computer languages

Computer memory, physical and

virtual memory
Computer software
Computer virus

Computerized axial tomography

Concentration
Concrete
Conditioning
Condors
Congenital
Congruence (triangle)
Conic sections
Conifer
Connective tissue
Conservation
Conservation laws

Constellation
Constructions
Contaminated soil
Contamination
Continent
Continental drift
Continental margin
Continental shelf
Continuity
Contour plowing
Contraception
Convection
Coordination compound
Copepods

Copper

Coral and coral reef
Coriolis effect
Cork

Corm

Cormorants

Corn (maize)

Coronal ejections and magnetic

storms
Correlation (geology)
Correlation (mathematics)
Corrosion

Cosmic background radiation

Cosmic ray
Cosmology
Cotingas
Cotton
Coulomb
Countable
Coursers and pratincoles
Courtship
Coypu

Crabs

Crane

Cranes
Crayfish
Crestfish
Creutzfeldt-Jakob disease
Crickets
Critical habitat
Crocodiles
Crop rotation
Crops

Cross multiply
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Cross section
Crows and jays
Crustacea
Cryobiology
Cryogenics

Cryptography, encryption, and

number theory
Crystal
Cubic equations
Cuckoos
Curare
Curlews
Currents
Curve
Cushing syndrome
Cuttlefish
Cybernetics
Cycads
Cyclamate
Cyclone and anticyclone
Cyclosporine
Cyclotron
Cystic fibrosis
Cytochrome
Cytology

D

Dams
Damselflies

Dark matter
Dating techniques

DDT (Dichlorodiphenyl-
trichloroacetic acid)

Deafness and inherited hearing loss

Decimal fraction
Decomposition
Deer

Deer mouse
Deforestation
Degree

Dehydroepiandrosterone (DHEA)

Delta
Dementia
Dengue fever
Denitrification
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Topic List

Density

Dentistry
Deoxyribonucleic acid (DNA)
Deposit

Depression

Depth perception
Derivative
Desalination

Desert
Desertification
Determinants
Deuterium
Developmental processes
Dew point

Diabetes mellitus
Diagnosis

Dialysis

Diamond

Diatoms

Dielectric materials
Diesel engine
Diethylstilbestrol (DES)
Diffraction
Diffraction grating
Diffusion

Digestive system
Digital Recording
Digitalis

Dik-diks

Dinosaur

Diode

Dioxin

Diphtheria

Dipole

Direct variation
Disease
Dissociation
Distance

Distillation
Distributive property
Disturbance, ecological
Diurnal cycles
Division

DNA fingerprinting
DNA replication
DNA synthesis
DNA technology
DNA vaccine

xii

Dobsonflies
Dogwood tree
Domain

Donkeys
Dopamine

Doppler effect
Dories

Dormouse
Double-blind study
Double helix
Down syndrome
Dragonflies

Drift net

Drongos
Drosophila melanogaster
Drought

Ducks

Duckweed

Duikers

Dune

Duplication of the cube
Dust devil

DVD

Dwarf antelopes
Dyes and pigments
Dysentery
Dyslexia

Dysplasia
Dystrophinopathies

E

e (number)
Eagles

Ear

Earth

Earth science
Earth’s interior
Earth’s magnetic field
Earth’s rotation
Earthquake
Earwigs

Eating disorders
Ebola virus
Ebony

Echiuroid worms

Echolocation

Eclipses

Ecological economics
Ecological integrity
Ecological monitoring
Ecological productivity
Ecological pyramids
Ecology

Ecosystem

Ecotone

Ecotourism

Edema

Eel grass

El Nifio and La Nifia
Eland

Elapid snakes
Elasticity

Electric arc

Electric charge

Electric circuit

Electric conductor
Electric current
Electric motor

Electric vehicles
Electrical conductivity
Electrical power supply
Electrical resistance
Electricity
Electrocardiogram (ECG)
Electroencephalogram (EEG)
Electrolysis

Electrolyte
Electromagnetic field
Electromagnetic induction
Electromagnetic spectrum
Electromagnetism
Electromotive force
Electron

Electron cloud
Electronics
Electrophoresis
Electrostatic devices
Element, chemical
Element, families of
Element, transuranium
Elements, formation of
Elephant

Elephant shrews
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Elephant snout fish
Elephantiasis
Elevator

Ellipse

Elm

Embiids

Embolism

Embryo and embryonic
development

Embryo transfer
Embryology
Emission
Emphysema
Emulsion
Encephalitis
Endangered species
Endemic

Endocrine system
Endoprocta
Endoscopy
Endothermic

Energy

Energy budgets
Energy efficiency
Energy transfer
Engineering
Engraving and etching
Enterobacteria
Entropy
Environmental ethics
Environmental impact statement
Enzymatic engineering
Enzyme

Epidemic
Epidemiology
Epilepsy

Episomes
Epstein-Barr virus
Equation, chemical
Equilibrium, chemical
Equinox

Erosion

Error

Escherichia coli

Ester

Esterification

Ethanol

Ether

Ethnoarchaeology
Ethnobotany

Ethyl group

Ethylene glycol
Ethylenediaminetetra-acetic acid
Etiology

Eubacteria

Eugenics

Eukaryotae

Europe

Eutrophication
Evaporation
Evapotranspiration

Even and odd

Event horizon

Evolution

Evolution, convergent
Evolution, divergent
Evolution, evidence of
Evolution, parallel
Evolutionary change, rate of
Evolutionary mechanisms
Excavation methods
Exclusion principle, Pauli
Excretory system
Exercise

Exocrine glands
Explosives

Exponent

Extinction

Extrasolar planets

Eye

Factor
Factorial
Falcons
Faraday effect
Fat

Fatty acids
Fault

Fauna

Fax machine
Feather stars
Fermentation
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Ferns

Ferrets
Fertilization
Fertilizers

Fetal alcohol syndrome
Feynman diagrams
Fiber optics
Fibonacci sequence
Field

Figurative numbers
Filtration

Finches

Firs

Fish

Flagella

Flame analysis
Flamingos

Flatfish

Flatworms

Flax

Fleas

Flies

Flightless birds
Flooding

Flora

Flower

Fluid dynamics
Fluid mechanics
Fluorescence

Fluorescence in situ hybridization
(FISH)

Fluorescent light
Fluoridation

Flying fish

Focused Ion Beam (FIB)
Fog

Fold

Food chain/web

Food irradiation

Food poisoning

Food preservation
Food pyramid

Foot and mouth disease
Force

Forensic science
Forestry

Forests

Formula, chemical

xiii
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Topic List

Formula, structural
Fossa

Fossil and fossilization
Fossil fuels

Fractal

Fraction, common
Fraunhofer lines
Freeway
Frequency
Freshwater
Friction

Frigate birds
Frog’s-bit family
Frogs

Frostbite

Fruits

Fuel cells
Function
Fundamental theorems
Fungi

Fungicide

G

Gaia hypothesis
Galaxy

Game theory

Gamete
Gametogenesis
Gamma-ray astronomy
Gamma ray burst
Gangrene

Garpike

Gases, liquefaction of
Gases, properties of
Gazelles

Gears

Geckos

Geese

Gelatin

Gene

Gene chips and microarrays
Gene mutation

Gene splicing

Gene therapy
Generator

Xiv

Genetic disorders
Genetic engineering

Genetic identification of
microorganisms

Genetic testing

Genetically modified foods and
organisms

Genetics

Genets

Genome

Genomics (comparative)
Genotype and phenotype
Geocentric theory
Geochemical analysis
Geochemistry

Geode

Geodesic

Geodesic dome
Geographic and magnetic poles
Geologic map

Geologic time

Geology

Geometry
Geomicrobiology
Geophysics

Geotropism

Gerbils

Germ cells and the germ cell line
Germ theory
Germination
Gerontology

Gesnerias

Geyser

Gibbons and siamangs
Gila monster

Ginger

Ginkgo

Ginseng

Giraffes and okapi

GIS

Glaciers

Glands

Glass

Global climate

Global Positioning System
Global warming
Glycerol

Glycol

Glycolysis

Goats

Goatsuckers

Gobies

Goldenseal

Gophers

Gorillas

Gourd family (Cucurbitaceae)
Graft

Grand unified theory
Grapes

Graphs and graphing
Grasses

Grasshoppers
Grasslands
Gravitational lens
Gravity and gravitation
Great Barrier Reef
Greatest common factor
Grebes

Greenhouse effect
Groundhog
Groundwater

Group

Grouse

Growth and decay
Growth hormones
Guenons

Guillain-Barre syndrome
Guinea fowl

Guinea pigs and cavies
Gulls

Guppy

Gutenberg discontinuity
Gutta percha
Gymnosperm
Gynecology

Gyroscope

H

Habitat
Hagfish
Half-life
Halide, organic
Hall effect
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Halley’s comet
Hallucinogens
Halogenated hydrocarbons
Halogens

Halosaurs

Hamsters

Hand tools
Hantavirus infections
Hard water
Harmonics
Hartebeests

Hawks

Hazardous wastes
Hazel

Hearing

Heart

Heart diseases

Heart, embryonic development and

changes at birth
Heart-lung machine
Heat
Heat capacity
Heat index
Heat transfer
Heath family (Ericaceae)
Hedgehogs
Heisenberg uncertainty principle
Heliocentric theory
Hematology
Hemophilia
Hemorrhagic fevers and diseases
Hemp
Henna
Hepatitis
Herb
Herbal medicine
Herbicides
Herbivore
Hermaphrodite
Hernia
Herons
Herpetology
Herrings
Hertzsprung-Russell diagram
Heterotroph
Hibernation
Himalayas, geology of
Hippopotamuses

Histamine

Historical geology
Hoatzin

Hodgkin’s disease

Holly family (Aquifoliaceae)
Hologram and holography
Homeostasis
Honeycreepers
Honeyeaters

Hoopoe

Horizon

Hormones

Hornbills

Horse chestnut

Horsehair worms

Horses

Horseshoe crabs
Horsetails

Horticulture

Hot spot

Hovercraft

Hubble Space Telescope
Human artificial chromosomes
Human chorionic gonadotropin
Human cloning

Human ecology

Human evolution

Human Genome Project
Humidity

Hummingbirds

Humus

Huntington disease
Hybrid

Hydra

Hydrocarbon
Hydrocephalus
Hydrochlorofluorocarbons
Hydrofoil

Hydrogen

Hydrogen chloride
Hydrogen peroxide
Hydrogenation
Hydrologic cycle
Hydrology

Hydrolysis

Hydroponics
Hydrosphere
Hydrothermal vents
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Hydrozoa
Hyena
Hyperbola
Hypertension
Hypothermia
Hyraxes

Ibises

Ice

Ice age refuges

Ice ages

Icebergs

Iceman

Identity element
Identity property
Igneous rocks
Iguanas

Imaginary number
Immune system
Immunology
Impact crater
Imprinting

In vitro fertilization (IVF)
Invitro and in vivo
Incandescent light
Incineration
Indicator, acid-base
Indicator species
Individual

Indoor air quality
Industrial minerals
Industrial Revolution
Inequality

Inertial guidance
Infection

Infertility

Infinity
Inflammation
Inflection point
Influenza

Infrared astronomy
Inherited disorders
Insecticides
Insectivore

). 4%
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Topic List

Insects

Insomnia

Instinct

Insulin

Integers

Integral

Integrated circuit

Integrated pest management
Integumentary system
Interference

Interferometry

Interferons

Internal combustion engine
International Space Station
International Ultraviolet Explorer
Internet file transfer and tracking
Internet and the World Wide Web
Interstellar matter

Interval

Introduced species

Invariant

Invasive species
Invertebrates

Ion and ionization

Ion exchange

Ionizing radiation

Iris family

Iron

Irrational number

Irrigation

Island

Isobars

Isomer

Isostasy

Isotope

Isthmus

Iteration

J

Jacanas
Jacks
Jaundice
Jellyfish
Jerboas
Jet engine

XVi

Jet stream
Juniper
Jupiter

Laurel family (Lauraceae)
Laws of motion

LCD

Leaching

Lead

K

K-T event (Cretaceous-Tertiary
event)

Kangaroo rats
Kangaroos and wallabies
Karst topography
Karyotype and karyotype analysis
Kelp forests

Kepler’s laws

Keystone species
Killifish

Kingfishers

Kinglets

Koalas

Kola

Korsakoft’s syndrome
Krebs cycle

Kuiper belt objects

Kuru

Leaf

Leafthoppers
Learning

Least common denominator
Lecithin

LED

Legionnaires’ disease
Legumes

Lemmings

Lemurs

Lens

Leprosy

Leukemia

Lewis structure

Lice

Lichens

Life history

Ligand

Light

Light-year

Lightning

Lilac

Lily family (Liliaceae)

L

Lacewings

Lactic acid
Lagomorphs

Lake

Lamarckism

Lampreys and hagfishes
Land and sea breezes
Land use

Landfill

Landform

Langurs and leaf monkeys
Lantern fish
Lanthanides

Larks

Laryngitis

Laser

Laser surgery

Latitude and longitude

Limit

Limiting factor
Limpets

Line, equations of
Linear algebra
Lipid

Liquid crystals
Lithium
Lithography
Lithosphere
Lithotripsy
Liverwort
Livestock
Lobsters

Lock

Lock and key
Locus
Logarithms
Loons
LORAN
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Lorises
Luminescence
Lungfish
Lycophytes

Lyme disease
Lymphatic system
Lyrebirds

M

Macaques

Mach number
Machine tools
Machine vision
Machines, simple
Mackerel

Magic square
Magma
Magnesium
Magnesium sulfate
Magnetic levitation

Magnetic recording/audiocassette
Magnetic resonance imaging (MRI)

Magnetism
Magnetosphere
Magnolia
Mahogany
Maidenhair fern
Malaria
Malnutrition
Mammals
Manakins
Mangrove tree
Mania

Manic depression
Map

Maples

Marfan syndrome
Marijuana
Marlins
Marmosets and tamarins
Marmots

Mars

Mars Pathfinder
Marsupial cats
Marsupial rats and mice

Marsupials

Marten, sable, and fisher
Maser

Mass

Mass extinction
Mass number

Mass production
Mass spectrometry
Mass transportation
Mass wasting
Mathematics

Matrix

Matter

Maunder minimum
Maxima and minima
Mayflies

Mean

Median

Medical genetics
Meiosis

Membrane

Memory

Mendelian genetics
Meningitis
Menopause
Menstrual cycle
Mercurous chloride
Mercury (element)
Mercury (planet)
Mesoscopic systems
Mesozoa

Metabolic disorders
Metabolism

Metal

Metal fatigue

Metal production
Metallurgy
Metamorphic grade
Metamorphic rock
Metamorphism
Metamorphosis
Meteorology
Meteors and meteorites
Methyl group
Metric system

Mice
Michelson-Morley experiment
Microbial genetics
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Microclimate
Microorganisms
Microscope
Microscopy
Microtechnology
Microwave communication
Migraine headache
Migration

Mildew

Milkweeds

Milky Way
Miller-Urey Experiment
Millipedes

Mimicry
Mineralogy
Minerals

Mining

Mink

Minnows

Minor planets

Mint family

Mir Space Station
Mirrors

Miscibility
Mistletoe

Mites

Mitosis

Mixture, chemical
Mobius strip
Mockingbirds and thrashers
Mode

Modular arithmetic
Mohs’ scale

Mold

Mole

Mole-rats
Molecular biology
Molecular formula
Molecular geometry
Molecular weight
Molecule

Moles

Mollusks
Momentum
Monarch flycatchers
Mongooses

Monitor lizards
Monkeys
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Monoculture

Monomer

Monosodium glutamate (MSG)
Monotremes

Monsoon

Moon

Mooneyes

Moose

Morphine

Mosquitoes

Moss

Moss animals

Mossbauer effect

Moths

Motion

Motion pictures
Moundbuilders

Mounds, earthen

Mountains

Mousebirds

Mulberry family (Moraceae)
Multiple personality disorder
Multiplication

Murchison meteorite
Muscle relaxants

Muscular system
Mushrooms

Muskoxen

Muskrat

Mustard family (Brassicaceae)
Mustard gas

Mutagen

Mutagenesis

Mutation

Mutualism

Mycorrhiza

Mycotoxin

Mynabh birds

Myrtle family (Myrtaceae)

N

N-body problem
Nanotechnology
Narcotic
Natural fibers

Natural gas

Natural numbers

Nautical archaeology

NEAR-Earth Object Hazard Index

Nectar

Negative

Neptune

Nerve growth factor

Nerve impulses and conduction of
impulses

Nervous system

Neuromuscular diseases

Neuron

Neuroscience

Neurosurgery

Neurotransmitter

Neutralization

Neutrino

Neutron

Neutron activation analysis

Neutron star

New World monkeys

Newton’s laws of motion

Newts

Niche

Nicotine

Night vision enhancement devices

Nightshade

Nitric acid

Nitrification

Nitrogen

Nitrogen cycle

Nitrogen fixation

Noise pollution

Non-Euclidean geometry

Non-point source

Nonmetal

North America

Nova

Novocain

Nuclear fission

Nuclear fusion

Nuclear magnetic resonance

Nuclear medicine

Nuclear power

Nuclear reactor

Nuclear weapons

Nuclear winter

Nucleic acid
Nucleon

Nucleus, cellular
Numbat

Number theory
Numeration systems
Nut

Nuthatches

Nutmeg

Nutrient deficiency diseases
Nutrients

Nutrition

Nux vomica tree

O

Oaks

Obesity

Obsession

Ocean

Ocean basin

Ocean sunfish

Ocean zones
Oceanography

Octet rule

Octopus

Ohm’s law

Oil spills

Oil well drilling
Old-growth forests
Olive family (Oleaceae)
Omnivore

One-to-one correspondence
Opah

Open-source software
Opossums
Opportunistic species
Optical data storage
Optics

Orang-utan

Orbit

Orchid family

Ordinal number

Ore

Organ

Organelles and subcellular genetics
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Organic farming
Organism
Organogenesis
Organs and organ systems
Origin of life
Orioles

Ornithology
Orthopedics

Oryx

Oscillating reactions
Oscillations
Oscilloscope
Osmosis

Osmosis (cellular)
Ossification
Osteoporosis

Otter shrews

Otters

Outcrop

Ovarian cycle and hormonal
regulation

Ovenbirds

Oviparous
Ovoviviparous

Owls

Oxalic acid
Oxidation-reduction reaction
Oxidation state
Oxygen
Oystercatchers

Ozone

Ozone layer depletion

P

Pacemaker
Pain
Paleobotany
Paleoclimate
Paleoecology
Paleomagnetism
Paleontology
Paleopathology
Palindrome
Palms
Palynology

Pandas

Pangolins

Papaya

Paper

Parabola

Parallax

Parallel
Parallelogram
Parasites

Parity

Parkinson disease
Parrots
Parthenogenesis
Particle detectors
Partridges
Pascal’s triangle
Passion flower
Paternity and parentage testing
Pathogens
Pathology

PCR

Peafowl

Peanut worms
Peccaries
Pedigree analysis
Pelicans
Penguins
Peninsula

Pentyl group
Peony

Pepper

Peptide linkage
Percent
Perception

Perch

Peregrine falcon
Perfect numbers
Periodic functions
Periodic table
Permafrost
Perpendicular
Pesticides

Pests

Petrels and shearwaters
Petroglyphs and pictographs
Petroleum

pH

Phalangers
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Pharmacogenetics
Pheasants

Phenyl group
Phenylketonuria
Pheromones

Phlox

Phobias
Phonograph
Phoronids
Phosphoric acid
Phosphorus
Phosphorus cycle
Phosphorus removal
Photic zone
Photochemistry
Photocopying
Photoelectric cell
Photoelectric effect
Photography
Photography, electronic
Photon
Photosynthesis
Phototropism
Photovoltaic cell
Phylogeny
Physical therapy
Physics
Physiology

Physiology, comparative

Phytoplankton

Pi

Pigeons and doves
Pigs

Pike

Piltdown hoax
Pinecone fish

Pines

Pipefish

Placebo

Planck’s constant
Plane

Plane family

Planet

Planet X

Planetary atmospheres
Planetary geology
Planetary nebulae
Planetary ring systems
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Plankton

Plant

Plant breeding

Plant diseases

Plant pigment

Plasma

Plastic surgery

Plastics

Plate tectonics

Platonic solids

Platypus

Plovers

Pluto

Pneumonia

Podiatry

Point

Point source

Poisons and toxins

Polar coordinates

Polar ice caps

Poliomyelitis

Pollen analysis

Pollination

Pollution

Pollution control

Polybrominated biphenyls (PBBs)

Polychlorinated biphenyls (PCBs)

Polycyclic aromatic hydrocarbons

Polygons

Polyhedron

Polymer

Polynomials

Poppies

Population growth and control
(human)

Population, human

Porcupines

Positive number

Positron emission tomography
(PET)

Postulate

Potassium aluminum sulfate
Potassium hydrogen tartrate
Potassium nitrate

Potato

Pottery analysis

Prairie

Prairie chicken

XX

Prairie dog
Prairie falcon
Praying mantis
Precession of the equinoxes
Precious metals
Precipitation
Predator

Prenatal surgery
Prescribed burn
Pressure

Prey

Primates

Prime numbers
Primroses
Printing

Prions

Prism

Probability theory
Proboscis monkey
Projective geometry
Prokaryote
Pronghorn

Proof

Propyl group
Prosimians
Prosthetics
Proteas

Protected area
Proteins
Proteomics
Protista

Proton

Protozoa
Psychiatry
Psychoanalysis
Psychology
Psychometry
Psychosis
Psychosurgery
Puberty

Puftbirds

Puffer fish

Pulsar

Punctuated equilibrium
Pyramid
Pythagorean theorem
Pythons

Q

Quadrilateral

Quail

Qualitative analysis
Quantitative analysis
Quantum computing
Quantum electrodynamics (QED)
Quantum mechanics
Quantum number
Quarks

Quasar

Quetzal

Quinine

R

Rabies

Raccoons

Radar

Radial keratotomy
Radiation

Radiation detectors
Radiation exposure
Radical (atomic)
Radical (math)
Radio

Radio astronomy
Radio waves
Radioactive dating
Radioactive decay
Radioactive fallout
Radioactive pollution
Radioactive tracers
Radioactive waste
Radioisotopes in medicine
Radiology

Radon

Rails

Rainbows

Rainforest

Random

Rangeland

Raptors

Rare gases

Rare genotype advantage
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Rate

Ratio

Rational number
Rationalization
Rats

Rayleigh scattering
Rays

Real numbers
Reciprocal
Recombinant DNA
Rectangle
Recycling

Red giant star

Red tide

Redshift
Reflections

Reflex

Refrigerated trucks and railway cars

Rehabilitation

Reinforcement, positive and
negative

Relation

Relativity, general

Relativity, special

Remote sensing

Reproductive system

Reproductive toxicant

Reptiles

Resins

Resonance

Resources, natural

Respiration

Respiration, cellular

Respirator

Respiratory diseases

Respiratory system

Restoration ecology

Retrograde motion

Retrovirus

Reye’s syndrome

Rh factor

Rhesus monkeys

Rheumatic fever

Rhinoceros

Rhizome

Rhubarb

Ribbon worms

Ribonuclease

Ribonucleic acid (RNA)
Ribosomes

Rice

Ricin

Rickettsia

Rivers

RNA function

RNA splicing
Robins

Robotics

Rockets and missiles
Rocks

Rodents

Rollers

Root system

Rose family (Rosaceae)
Rotation
Roundworms
Rumination

Rushes

Rusts and smuts

S

Saiga antelope
Salamanders
Salmon
Salmonella
Salt
Saltwater
Sample

Sand

Sand dollars
Sandfish
Sandpipers
Sapodilla tree
Sardines
Sarin gas
Satellite
Saturn
Savanna
Savant
Sawfish
Saxifrage family
Scalar

Scale insects
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Scanners, digital
Scarlet fever
Scavenger
Schizophrenia
Scientific method
Scorpion flies
Scorpionfish
Screamers
Screwpines
Sculpins

Sea anemones

Sea cucumbers
Sea horses

Sea level

Sea lily

Sea lions

Sea moths

Sea spiders

Sea squirts and salps
Sea urchins

Seals

Seamounts
Seasonal winds
Seasons
Secondary pollutants
Secretary bird
Sedges

Sediment and sedimentation
Sedimentary environment
Sedimentary rock
Seed ferns

Seeds

Segmented worms
Seismograph
Selection
Sequences
Sequencing
Sequoia
Servomechanisms
Sesame

Set theory

SETI

Severe acute respiratory syndrome

(SARS)
Sewage treatment
Sewing machine
Sex change
Sextant
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Sexual reproduction
Sexually transmitted diseases
Sharks

Sheep

Shell midden analysis
Shingles

Shore birds
Shoreline protection
Shotgun cloning
Shrews

Shrikes

Shrimp

Sickle cell anemia
Sieve of Eratosthenes
Silicon

Silk cotton family (Bombacaceae)
Sinkholes

Skates

Skeletal system
Skinks

Skuas

Skunks
Slash-and-burn agriculture
Sleep

Sleep disorders
Sleeping sickness
Slime molds

Sloths

Slugs

Smallpox

Smallpox vaccine
Smell

Smog

Snails

Snakeflies

Snakes

Snapdragon family
Soap

Sociobiology
Sodium

Sodium benzoate
Sodium bicarbonate
Sodium carbonate
Sodium chloride
Sodium hydroxide
Sodium hypochlorite
Soil

Soil conservation

xxii

Solar activity cycle
Solar flare

Solar illumination: Seasonal and
diurnal patterns

Solar prominence
Solar system

Solar wind

Solder and soldering iron
Solstice

Solubility

Solution

Solution of equation
Sonar

Song birds
Sonoluminescence
Sorghum

Sound waves

South America
Soybean

Space

Space probe

Space shuttle
Spacecraft, manned
Sparrows and buntings
Species

Spectral classification of stars
Spectral lines
Spectroscope
Spectroscopy
Spectrum

Speech

Sphere

Spider monkeys
Spiderwort family
Spin of subatomic particles
Spina bifida

Spinach

Spiny anteaters

Spiny eels
Spiny-headed worms
Spiral

Spirometer

Split-brain functioning
Sponges

Spontaneous generation
Spore

Springtails

Spruce

Spurge family

Square

Square root

Squid

Squirrel fish

Squirrels

Stalactites and stalagmites
Standard model

Star

Star cluster

Star formation
Starburst galaxy
Starfish

Starlings

States of matter
Statistical mechanics
Statistics

Steady-state theory
Steam engine

Steam pressure sterilizer
Stearic acid

Steel

Stellar evolution
Stellar magnetic fields
Stellar magnitudes
Stellar populations
Stellar structure
Stellar wind

Stem cells
Stereochemistry
Sticklebacks

Stilts and avocets
Stimulus

Stone and masonry
Stoneflies

Storks

Storm

Storm surge

Strata

Stratigraphy
Stratigraphy (archeology)
Stream capacity and competence

Stream valleys, channels, and
floodplains

Strepsiptera
Stress

Stress, ecological
String theory
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Stroke

Stromatolite
Sturgeons
Subatomic particles
Submarine
Subsidence
Subsurface detection
Subtraction
Succession

Suckers

Sudden infant death syndrome
(SIDS)

Sugar beet

Sugarcane

Sulfur

Sulfur cycle

Sulfur dioxide
Sulfuric acid

Sun

Sunbirds

Sunspots
Superclusters
Superconductor
Supernova

Surface tension
Surgery

Surveying instruments
Survival of the fittest
Sustainable development
Swallows and martins

Swamp cypress family
(Taxodiaceae)

Swamp eels

Swans

Sweet gale family (Myricaceae)
Sweet potato

Swifts

Swordfish
Symbiosis

Symbol, chemical
Symbolic logic
Symmetry

Synapse

Syndrome

Synthesis, chemical
Synthesizer, music
Synthesizer, voice
Systems of equations

T

T cells

Tanagers
Taphonomy
Tapirs

Tarpons

Tarsiers

Tartaric acid
Tasmanian devil
Taste

Taxonomy
Tay-Sachs disease
Tea plant
Tectonics
Telegraph
Telemetry
Telephone
Telescope
Television
Temperature
Temperature regulation
Tenrecs
Teratogen

Term

Termites

Terns

Terracing
Territoriality
Tetanus
Tetrahedron
Textiles
Thalidomide
Theorem
Thermal expansion
Thermochemistry
Thermocouple
Thermodynamics
Thermometer
Thermostat
Thistle

Thoracic surgery
Thrips
Thrombosis
Thrushes
Thunderstorm
Tides
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Time

Tinamous

Tissue

Tit family

Titanium

Toadfish

Toads

Tomato family
Tongue worms
Tonsillitis
Topology

Tornado

Torque

Torus

Total solar irradiance
Toucans

Touch

Towers of Hanoi
Toxic shock syndrome
Toxicology

Trace elements
Tragopans

Trains and railroads
Tranquilizers
Transcendental numbers
Transducer
Transformer
Transgenics
Transistor
Transitive
Translations
Transpiration
Transplant, surgical
Trapezoid

Tree

Tree shrews
Trichinosis
Triggerfish
Triglycerides
Trigonometry
Tritium

Trogons

Trophic levels
Tropic birds
Tropical cyclone
Tropical diseases
Trout-perch

True bugs
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True eels

True flies
Trumpetfish
Tsunami

Tuatara lizard
Tuber
Tuberculosis
Tumbleweed
Tumor

Tuna

Tundra
Tunneling
Turacos

Turbine
Turbulence
Turkeys

Turner syndrome
Turtles

Typhoid fever
Typhus
Tyrannosaurus rex
Tyrant flycatchers

U

Ulcers
Ultracentrifuge
Ultrasonics
Ultraviolet astronomy
Unconformity
Underwater exploration
Ungulates
Uniformitarianism
Units and standards
Uplift

Upwelling

Uranium

Uranus

Urea

Urology

\Y

Vaccine

xXiv

Vacuum

Vacuum tube
Valence

Van Allen belts

Van der Waals forces
Vapor pressure
Variable

Variable stars
Variance

Varicella zoster virus
Variola virus
Vegetables

Veins

Velocity

Venus

Verbena family (Verbenaceae)

Vertebrates
Video recording
Violet family (Violaceae)
Vipers

Viral genetics
Vireos

Virtual particles
Virtual reality
Virus

Viscosity
Vision

Vision disorders
Vitamin
Viviparity
Vivisection
Volatility
Volcano

Voles

Volume
Voyager spacecraft
Vulcanization
Vultures

VX agent

W

Wagtails and pipits
Walkingsticks
Walnut family
Walruses

Warblers

Wasps

Waste management
Waste, toxic

Water

Water bears

Water conservation
Water lilies

Water microbiology
Water pollution
Water treatment
Waterbuck
Watershed
Waterwheel

Wave motion
Waxbills

Waxwings

Weasels

Weather

Weather forecasting
Weather mapping
Weather modification
Weathering

Weaver finches
Weevils

Welding

West Nile virus
Wetlands

Wheat

Whisk fern

White dwarf
White-eyes
Whooping cough
Wild type

Wildfire

Wildlife

Wildlife trade (illegal)
Willow family (Salicaceae)
Wind

Wind chill

Wind shear
Wintergreen
Wolverine
Wombats

Wood

Woodpeckers
Woolly mammoth
Work
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Wren-warblers
Wrens
Wrynecks

X

X-ray astronomy
X-ray crystallography
X rays

Xenogamy

Y2K

Yak

Yam

Yeast
Yellow fever
Yew
Yttrium
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Zebras

Zero

Zodiacal light
Zoonoses
Zooplankton
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ORGANIZATION OF THE ENCYCLOPEDIA

The Gale Encyclopedia of Science, Third Edition
has been designed with ease of use and ready reference
in mind.

« Entries are alphabetically arranged across six volumes,
in a single sequence, rather than by scientific field

* Length of entries varies from short definitions of one or
two paragraphs, to longer, more detailed entries on
more complex subjects.

 Longer entries are arranged so that an overview of the
subject appears first, followed by a detailed discussion
conveniently arranged under subheadings.

« A list of key terms is provided where appropriate to de-
fine unfamiliar terms or concepts.

» Bold-faced terms direct the reader to related articles.

» Longer entries conclude with a “Resources” section,
which points readers to other helpful materials (includ-
ing books, periodicals, and Web sites).

GALE ENCYCLOPEDIA OF SCIENCE 3

« The author’s name appears at the end of longer entries.
His or her affiliation can be found in the “Contributors”
section at the front of each volume.

» “See also” references appear at the end of entries to
point readers to related entries.

« Cross references placed throughout the encyclopedia
direct readers to where information on subjects without
their own entries can be found.

* A comprehensive, two-level General Index guides
readers to all topics, illustrations, tables, and persons
mentioned in the book.

AVAILABLE IN ELECTRONIC FORMATS

Licensing. The Gale Encyclopedia of Science, Third
Edition is available for licensing. The complete database
is provided in a fielded format and is deliverable on such
media as disk or CD-ROM. For more information, con-
tact Gale’s Business Development Group at 1-800-877-
GALE, or visit our website at www.gale.com/bizdev.
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Lacewings

Lacewings are insects in the order Neuroptera, sub-
order Planipennia. Lacewings are named after the fine,
complex, cross-branched venation of their four wings,
which presents a beautiful, lacelike pattern. Lacewings
are rather poor, fluttery fliers. When at rest, they hold
their wings tentlike over their back.

Lacewings have a complete metamorphosis, with
four life history stages: egg, larva, pupa, and adult. The
eggs of lacewings are laid on vegetation, and occur
singly at the end of a long stalk. The aquatic larvae are
predators of other invertebrates. The larvae of some
species of lacewings cover themselves with organic de-
bris as a form of protective camouflage.

Adult lacewings are commonly found in vegeta-
tion, usually in the vicinity of surface waters such as
streams and ponds. At night, lacewings are often at-
tracted to lights in large numbers. Adult lacewings are
terrestrial, and most species are predators of other in-
sects. Some species are important predators of aphids
(family Aphididae, order Homoptera) and other soft-
bodied insects, and they can be beneficial by helping to
prevent those sap-sucking insects from maintaining
populations that are injurious to economically impor-
tant plants.

The most abundant lacewings in North America
are the greenish-colored, common, or green lacewings
(family Chrysopidae), sometimes known as aphid-lions
because of their voracious feeding on herbivorous in-
sects. These lacewings can be quite abundant in herba-
ceous vegetation near aquatic habitats, and when han-
dled they may give off an unpleasant-smelling odor.
Chrysopa californica is a western species that has been
mass-reared and used as a biological control of certain
species of mealybugs (family Coccoidea, order Ho-
moptera) in agriculture. The brown lacewings (family
Hemerobiidae) are another relatively common group,
while the pleasing lacewings (Dilaridae), beaded
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lacewings (Berothidae), ithonid lacewings (Ithonidae),
and giant lacewings (Polystoechotidae) are relatively
rare groups.

Lactic acid

Lactic acid is a colorless, water-soluble liquid that
freezes, or solidifies, at 64.4°F (18°C)—just slightly
below normal room temperature. It is scientifically
known as alpha-hydroxypropanoic acid and has the
chemical formula C;H4O;; the structural formula is
shown below:

H— COOH
|
HO—(|3—H
H—C—H
|
H

The “hydroxy” portion of the name tells chemists
that there is an alcohol (OH) group in the molecule,
and the “alpha” part of the name means that the alco-
hol is attached to the carbon atom adjacent to the acid
(COOH) group. The “prop” portion of the name indi-
cates that there are three carbon atoms. Lactic acid can
also be called 2-hydroxypropanoic acid. Each of the
two isomers rotates polarized light in a different direc-
tion: the L-isomer rotates light to the left, and the D-
isomer rotates light to the right. Like most acids, lactic
acid has a sour taste. It is found in sour milk, molasses,
and many fruits. The lactic acid found in milk is usu-
ally a mixture of both isomers. It is used commercially
in the textile and dairy industries. Lactic acid is the by-
product of anaerobic respiration, and is largely re-
sponsible for the aches in sore muscles after a vigorous
workout.
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Lactic acid

Lactic acid in foods

Lactic acid is found throughout nature—from fruits
to molasses, although most people’s experience with lac-
tic acid is in sour milk. Lactic acid in milk is the product
of the fermentation of lactose (milk sugar) by the bacte-
ria Lactobacillus bulgaris and Lactobacillus acidi lacti.
In the manufacture of yogurt, this reaction is carefully
controlled to ensure the production of yogurt and not
spoiled milk. The lactic acid in molasses is the product of
the digestion of sugars by other species of bacteria.

Lactic acid in human metabolism

Lactic acid is the product of anaerobic respiration,
the burning of stored sugars without sufficient oxygen
by cells. Anaerobic respiration is much less efficient
than aerobic respiration, for which there is enough
oxygen to fully utilize the stored sugar energy. Essen-
tially, anaerobic respiration causes the halving of glu-
cose molecules (C¢H,,04) into lactic acid molecules
(C3H40O3). The lactic acid builds up in muscles, ac-
counting for the soreness in overworked muscles. This
build-up of lactic acid may also lead to cramps. One
advantage of anaerobic respiration is that it can take
place very quickly and in short bursts, as opposed to
aerobic respiration, which is designed for slower and
more steady use of muscles. Eventually the build-up of
lactic acid is carried away in the bloodstream and the
lactic acid is converted to carbon dioxide (CO,) gas
and water vapor, both of which are exhaled. If lactic
acid levels in the bloodstream rise faster than the
body’s natural pH buffers—combinations of acids,
salts, and bases that maintain a constant pH level-—can
neutralize them, a state known as lactic acidosis may
exist. Lactic acidosis rarely happens in healthy people.
It is more likely the result of the body’s inability to ob-
tain sufficient oxygen (as in heart attacks or carbon
monoxide or cyanide poisoning) or from other diseases
such as diabetes.

The ability of the body to metabolize, or break
down, lactic acid is decreased significantly by alcohol,
which impairs the liver’s ability to carry out normal
metabolic reactions. Thus, alcoholics often have sore
muscles from lactic acid build up that was not caused by
exercise. Lactic acid can also lead to a build-up of uric
acid crystals in the joints, since lactic acid reduces the
elimination of uric acid and related compounds. This
build-up can lead to gout, a very painful disease.

Uses of lactic acid

Lactic acid is used as a humectant, or moisturizer, in
some cosmetics and as a mordant, a chemical that helps
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KEY TERMS
Buffers—Combinations of acids, bases, and salts
that neutralize changes in pH.

Humectant—A moisturizing agent, often used in
cosmetics.

Isomers—Two molecules in which the number of
atoms and the types of atoms are identical, but
their arrangement in space is different, resulting in
different chemical and physical properties.

Mordant—A chemical that helps fabrics accept
dyes more readily.

Polarized light—Light that vibrates in a single
plane, as opposed to ordinary light that vibrates in
all planes.

fabrics accept dyes, in textiles. It is also used in making
pickles and sauerkraut, foods for which a sour taste is
desired. Lactic acid is used in the dairy industry not only
in making yogurt but in making cheese as well. It is also
used in tanning leather. Lactic acid is important in the
pharmaceutical industry as a starting material for other
substances and is involved in the manufacturing of lac-
quers and inks. A related compound that is made from
lactic acid is calcium stearoyl-2-lactylate, which is used
as a food preservative.

See also Acids and bases; Metabolic disorders; Me-
tabolism.
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Lagomorphs

Lagomorphs are herbivorous mammals such as rab-
bits, hares, and pikas, in the order Lagomorpha. Because
they exploit similar ecological niches, lagomorphs and
rodents (order Rodentia) are rather similar in many as-
pects of their morphology and behavior. However, these
orders are also different in important respects, and each
represents an ancient evolutionary lineage.

One distinguishing feature of the lagomorphs is the
two pairs of upper incisor teeth, one set being relatively
small and located behind the larger pair. These incisors
grow throughout the life of lagomorphs, and are com-
pletely covered with enamel; the larger pair has rather
deep, vertical grooves. The incisors are used for clipping
vegetation, and they are separated from the high-
crowned cheek teeth, used for grinding food, by a rather
wide gap, technically known as a diastema.

In addition, lagomorphs have five toes on the
forefeet and four on the hind, dense, short fur, covering a
thin, fragile skin that tears rather easily. The tail of these
animals is short or absent. All lagomorphs are herbi-
vores. Their major food is succulent leaves and herba-
ceous stems of a wide range of plant species. However,
twigs and buds are also eaten, especially by northern
species during the winter. Lagomorphs have a special-
ized enlarged portion of the large intestine known as the
caecum, which acts as a fermentation chamber for the
digestion of the cellulose in their bulky food of herbage
and woody shoots.

Families of lagomorphs

The 60 species of lagomorphs are included in two
families. The Leporidae consists of rabbits and hares, fa-
miliar animals that have long ears and large hind feet.
The Ochotonidae or pikas have relatively short ears and
small hind feet.

Rabbits and hares are well-known animals to most
people. The natural distribution of this group of animals
is extensive, occurring worldwide except for Madagas-
car, Australia, New Zealand, and various Pacific islands.
However, humans have deliberately introduced rabbits to
these other places, in particular the European rabbit
(Oryctolagus cuniculus) and the European hare (Lepus
europaeus). Both of these species typically become
pests in their introduced habitats, where their abundance
is not well controlled by predators.

Rabbits and hares have long ears, and large, strong,
hind legs with big feet, structures that are well adapted to
leaping, or to more leisurely hopping. Most species are
either crepuscular, meaning they are most active around
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A pika. JLM Visuals. Reproduced by permission.

dawn and dusk, or they are nocturnal, being active at
night. The young of rabbits are born naked and blind in
an underground burrow, while baby hares are born fully
furred, with their eyes open in a surface nest. Young rab-
bits are initially quite helpless, while baby hares are rela-
tively independent and can run soon after birth.

Rabbits and hares produce two types of fecal pellets.
One type is soft and green, consists of partially digested
food, and is produced at night. These soft pellets are re-
fected, or re-ingested by the animal, and are swallowed
without chewing. Eating its own droppings (coprophagy)
allows for a twice-through process of digestion and as-
similation of nutrients from the cecum, which is sited
after the stomach and small intestine. This is similar in
some respects to the habit of ruminant animals of regur-
gitating their cud, which is chewed again, and then re-
swallowed. The other type of fecal pellet of rabbits and
hares is brown and drier, is not eaten again, and is pro-
duced during the day.

Pikas or conies are small animals in the genus
Ochotona that live in two disjunct parts of the world - in
central Asia and Japan, and in western North America.
This is an unusual distribution, and it suggests that the
pikas probably migrated to North America from Asia via
the Bering land bridge, exposed when sea levels were
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lowered during the Pleistocene glaciation, which ended
about fifteen thousand years ago. The two populations of
pikas became separated when sea levels rose again, and
eventually evolved in isolation into distinct species.

Pikas have short ears and small feet, and they lack
an external tail, although close examination of their
skeletons reveals a vestigial tail structure. The color of
the pelage of pikas varies from blackish to cinnamon-
brown. Pikas are diurnal, or active during the day. Their
habitat is alpine tundra, where these animals typically
live in rocky piles, or bouldery talus at the base of cliffs.

Rabbits and hares of North America

North America is home to 15 species of rabbits and
hares. All of these are rather abundant within their range.
These medium-sized herbivores are important sources of
food for many species of predatory birds and mammals,
and they are also commonly hunted by people.

The most familiar native rabbit in much of North
America is the eastern cottontail (Sylvilagus floridanus),
arelatively small species that typically weighs about 2.4-
3.3 1b (1.1-1.5 kg), with females being slightly larger
than males. The common name of this rabbit comes from
its tail, which is white underneath and is held erect when
running. The eastern cottontail is common in shrubby
thickets in the vicinity of forest, orchards, and meadows.
This rabbit is abundant across southeastern North Ameri-
ca, extending into Mexico. The eastern cottontail has sig-
nificantly expanded its range during the past century,
probably because of improved habitat that has resulted
from various human influences, especially the conver-
sion of closed forests into certain types of agricultural
and forestry ecosystems.

The cottontail rabbit is active all year, eating foliage
of a wide range of plants when available, and buds and
twigs of woody plants during the winter. Cottontails
begin to mate during the winter, and the females (does)
bear their first litters of two to seven young in the spring-
time, and may have three or more litters per year. This
sort of explosive reproductive potential is typical of rab-
bits and hares, and it is not surprising that so many
predators depend on these fertile animals as food.

Other common rabbits of North America include the
mountain cottontail (S. nuttalli) of mountainous regions
of the west, the desert cottontail (S. auduboni) of arid re-
gions of the southwest, the brush rabbit (S. bachmani) of
Oregon and California, and the swamp and marsh rabbits
(S. aquaticus and S. palustris, respectively) of wet habi-
tats in the southeast. The latter two species take readily
to the water and swim well. All of these rabbits are
abundant, and are hunted over much of their range.
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The most widespread hare in North America is the
snowshoe or varying hare (Lepus americana), which oc-
curs from the low-arctic tundra, through much of the
northern United States. This species is dark brown dur-
ing the summer, but is a camouflaged white in winter.
This species goes through more-or-less cyclic variations
of abundance in northern parts of its range, which are
tracked by the populations of some of its predators, such
as lynx (Lynx rufus).

The arctic hare (L. arcticus) occurs throughout the
northern tundra regions of North America, extending as
far as the limits of land on the northern islands of Cana-
da and Greenland. The white-tail jackrabbit (L.
townsendii) occurs in semi-desert and dry prairies of
central-western North America, while the black-tail
jackrabbit (L. californicus) is more southwestern in its
distribution. The European hare (L. europaeus) has been
introduced to parts of the eastern United States and
Canada, and is the largest lagomorph in North America,
weighing as much as 10 Ib (4.5 kg).

The American pika

The American pika (Ochotona princeps) occurs
through much of the Rocky Mountains, from southern
Alaska, through British Columbia, and the northwestern
United States. The American pika is about 7.5-7.9 in
(19-20 cm) long, and weighs 6.1-8.2 oz (175-235 g).

Pikas are active during the day. When they are not
foraging, they spend much of their time surveying their
alpine domain for danger, usually from the top of a
prominent rock. When a potential predator is seen to
approach, the pika emits loud bleats, which warn other
animals of the danger. However, as with many types of
warning calls of small mammals and birds, it is very dif-
ficult to locate the source of the bleating noise, so the
pika is not readily revealing its location. If a human sits
quietly nearby, most pikas will carefully approach to ap-
praise the nature of the intruder.

Pikas do not hibernate, remaining active under the
alpine snowpack. They store fodder for their long win-
ters, as large haystacks of dried forage, each about 0.25
m? in volume, and typically located beneath an over-
hanging rock that provides shelter from the weather.

Pikas are prey for a wide range of alpine predators,
including the golden eagle, buteo hawks, foxes, and
mustellids such as weasels. Pikas are especially vulnera-
ble to predators when they are foraging in alpine mead-
ows, beyond the immediate safety of the rocks and
crevices in which these animals typically find shelter and
protection. However, some smaller predators, such as the
ermine (Mustela erminea), can follow pikas through
their pathways and tunnels among the rocks.
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A black-tailed jackrabbit. JLM Visuals. Reproduced by permission.

Economic importance

Wild rabbits and hares of all species are a favorite
class of small game hunted by many people for the pot
and as sport. These animals are rather fecund and their
populations can be quite productive, and they can there-
fore be harvested in large numbers. Millions of these ani-
mals are shot and snared each year in North America.
They are mostly hunted for their meat, because the skins
of these animals are fragile and tear easily, and therefore
the fur has little commercial value.

The populations of rabbits and hares have increased
greatly in many areas, because of human activities that
have resulted in the elimination of lagomorph predators
and in substantial improvements in the quality of the
habitat of these animals. Most rabbits and hares of
forested regions are early- and mid-successional species.
Consequently, these animals benefit from many types of
forest disturbances associated with human activities,
such as the harvesting of trees in forestry, and some
types of agricultural developments. Rabbits and hares
are also typically abundant on agricultural or residential
lands that have been abandoned, and are in a shrubby
stage of the succession back to forest.
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Rabbits and hares often do significant damage in
gardens, by eating vegetables, and by damaging shrubs
of various species, sometimes killing them by eating the
bark at the base of these woody plants. This damage can
be controlled using fencing, or by protecting the bases of
the shrubs with chemical repellants or metal collars.
Hares can do considerable damage in forestry planta-
tions, by clipping small seedlings of conifers or other
planted trees.

The domestic rabbit has been developed through
cultural selection from the old-world or European rabbit
(Oryctolagus cuniculus). This rabbit often lives colonial-
ly and digs extensive systems of underground tunnels
and dens, known as warrens, the largest of which can
cover more than 2.5 acres (1 ha). The old-world rabbit
was originally native to southwestern Europe and north-
western Africa. However, this rabbit is now much more
widespread in the wild, because it has been introduced
throughout most of western Europe and Britain, the
Americas, Australasia, and many other places. The Euro-
pean rabbit often causes severe damage in its introduced
habitats by developing large, feral populations that over-
graze the vegetation. A deadly disease known as myxo-
matosis has been introduced in Australia and other coun-
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KEY TERMS
Cultural selection—Selection by humans of indi-
vidual animals having some desirable, genetically
based traits, leading to evolution at the population
level. This selective breeding eventually results in
the development of distinctive varieties of domes-
ticated species of plants and animals.

Lagomorphs—A widespread mammalian order,
consisting of two families, the pikas or Ochoton-
idae, and the rabbits and hares or Leporidae.

Myxomatosis—An infectious, usually fatal viral
disease of rabbits. Myxomatosis is sometimes
introduced by humans to control the popula-
tions of rabbits when they become pests. Symp-
toms of the disease include swelling of the mu-
cous membranes, and the development of skin
tumors.

Refection—The habit of rabbits and hares of re-in-
gesting their soft, green fecal pellets. Refection al-
lows for a twice-through passage of food, which
contributes to more efficient digestion and absorp-
tion of nutrients.

Succession—A process of ecological change, in-
volving the progressive replacement of earlier
communities with others over time, and generally
beginning with the disturbance of a previous type
of ecosystem.

tries to try to reduce the population of this invasive rab-
bit. Although this pathogen generally achieves initial re-
ductions in the abundance of rabbits, the surviving ani-
mals are relatively resistant to the disease, so that longer-
term control is not generally realized.

Because of selective breeding, domestic rabbits are
now available in a wide range of genetically based vari-
eties, which differ in size, shape, color, length of fur, and
other characteristics. Many domestic rabbits are raised
specifically for food, others are used as laboratory ani-
mals, and many others are kept as pets.
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Lake

Lakes are inland bodies of water—millions of which
are scattered over the earth’s surface. Lakes are classified
on the basis of origin, age, salinity, fertility, and water
circulation. Lakes can be formed by glaciers, tectonic
plate movements, river and wind currents, and volcanic
or meteorite activity. Lakes can also be a phase of evolu-
tion in the aging process of a bay or estuary. Some lakes
are only seasonal, drying up during parts of the year. As
a lake reaches old age, it can become a marsh, bog, or
swamp. Young lakes have clear water with less organic
matter, while older lakes have murkier water and higher
levels of organic matter as well as nitrogen, phospho-
rous, and detritus or decaying matter. Salinity is a mea-
sure of the dissolved ionic components in lake water.
High salinity lakes, salt lakes, have high levels of precip-
itates and less organic matter, whereas freshwater or
low salinity lakes have fewer precipitates and more or-
ganic matter. Lake shape, climate, and salinity each ef-
fect water movement within a lake, contributing to an in-
dividual lake’s annual circulation patterns. Most lakes
exchange surface water with bottom water at least once
during the year, but multiple factors influence this com-
plex process. Life within any given lake is determined by
multiple factors as well and is of considerable interest to
fishermen and marine biologists. Lakes are used for sev-
eral purposes other than for the food they contribute to
the food chain: they are used for recreation and enhance
scenic beauty. The study of fresh water, including lakes
and ponds, is called limnology.

Origins

Although several geological phenomenon account
for the formation of numerous lakes on Earth, most
lakes were formed as a result of glacier activity. Earth’s
glacial ice formed and extended into what is now Cana-
da, the northernmost United States, and northern Eu-
rope. As the heavy, thick ice pushed along, it scoured out
top soil, creating crevices in the former landscape.
Glacial growth peaked about 20,000 years ago, after
which time the ice slowly began to melt. As the ice melt-
ed, the glaciers retreated, but the basins formed by glaci-
ers remained and filled with water from the melting glac-
iers. Lake basins formed at the edge of glaciers were
generally not as deep as basins underneath glaciers. The
shallower lakes are called ice-block or depression lakes;
the lakes formed under glaciers (some more than 1 mi
[1.6 km] high) are called ice-scour lakes.

Movements of earth, water, and wind can also form
lakes. Rock deformations of the earth’s crust occur as
folds, tilts, or sinking, usually along fault lines. Depres-
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Kettle lakes like this one in Dundee, Wisconsin, are formed when blocks of ice buried by moving glaciers melt and leave a
depression. JLM Visuals. Reproduced by permission.

sions created can fill with water, forming lakes such as
Lake Baikal in Siberia. It may seem peculiar to state that
water forms lakes also, but water currents and land ero-
sion by water form specific types of lakes: oxbow and
solution lakes. Oxbow lakes are created as windy rivers
change course. Windy rivers such as the Mississippi me-
ander, carrying water through twists and turns; when
they change direction at a particular twist or turn in the
river, a loop can become separate from the main water
flow. As deposits build up and separate the loop from the
river, an oxbow lake such as Lake Whittington in Missis-
sippi forms. Solution lakes result from ground water
eroding the bedrock above it, creating a sinkhole. Sink-
holes are the predominant type in Florida and on the Yu-
catan Peninsula. Wind can also create lake basins called
blowouts; such lakes usually occur in coastal or arid
areas. Blowouts created by sand shifted in arid regions
are typical of lakes in northern Texas, New Mexico,
southern Africa, and parts of Australia.

A few lakes result from meteors or volcanic activity.
Gases at high pressure under crests of volcanic lava can
explode, forming basins that collect water. Volcanic basins
up to 1 mi (1.6 km) in diameter are called craters, and
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those with diameters greater than 1 mi (1.6 km) are called
calderas. Crater Lake in Oregon is a caldera 1,932 ft (590
m) deep, 20 ft (6 m) in length, and 16 ft (5 m) in width.
This makes it the seventh deepest lake in the world. The
largest well-documented meteorite-formed lake in the
world is Chubb Lake in Quebec. Lake Chubb is 823 ft
(250 m) deep inside a crater 10,990 ft (3,350 m) wide.

Dams made by streams, beavers, and humans have
also created lakes. Natural dams can be formed as a
stream deposits debris at the point that it enters a river;
the accumulated material can close off the stream, creat-
ing a lake. Man-made lakes have many characteristics in
common with natural lakes, although water level can be
less consistent in man-made lakes.

Age

Lake formation (or birth) and evolution (or aging)
are natural periods of lake existence as they are for all liv-
ing things. Some lakes have a short lifespan of 100-1,000
years, although many lakes will exist for 10,000 years or
longer, but there are lakes that only exist in damper sea-
sons of the year. Because people who study lakes have
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considerably shorter life spans, the chemical, physical,
and life-supporting properties of water are used to classi-
fy lake age. As water tends to support life, lakes are often
assessed based on what life they can and do support: their
fertility. The deposits in lake basins have strata, or lay-
ers, that reveal details about a lake’s history. And a lake’s
present fertility is related to water stratification by re-
gions of similar temperature and light penetration.

Fertility is governed by a number of biological and
chemical factors. The photosynthetic plankton that grow
on a lake’s surface are eaten by zooplankton; these
plankton make up the primary link in the lake’s food
chain. Photo plankton contribute to a lake’s fertility as a
food source and as an oxygen source through photosyn-
thesis. Plankton are consumed by aquatic invertebrates
which are, in turn, eaten by small and larger fish.

Minerals such as phosphorous and oxygen are also
required for life to flourish. Phosphorous levels can vary
over a range of parts per billion (ppb). Most fish require
an oxygen concentration of at least 5 parts per million
(ppm). Oxygen concentration is primarily due to photo-
synthesis in lake plants and surface wind agitation. Some
oxygen can also come from tributary streams.

Lakes are classified as oligotrophic, mesotrophic, or
eutrophic depending on age and whether they have little,
some, or a lot of life, respectively. Oligotrophic lakes are
the youngest and, usually, least fertile lakes; they tend to
be deep with sparse aquatic vegetation and few fish.
Mesotrophic lakes are middle-aged lakes that are less
deep and more fertile than oligotrophic lakes. And eu-
trophic lakes (the oldest lakes) are most fertile and even
more shallow than mesotrophic lakes. Eutrophic lakes
eventually reach the point where demand for oxygen ex-
ceeds the oxygen supply. Eutrophic lakes have many
aquatic life forms that eventually die and decompose;
decomposition uses up oxygen that could have support-
ed additional life. Decomposing material, detritus, col-
lects on the lake’s benthos (basin bottom), making the
lake shallower. As oxygen becomes sparse, lakes ap-
proach senescence, full maturity to death.

Salinity, wind, temperature, and light

One can focus on almost any characteristic of water
in a lake and see that the particular factor influences and
is influenced by other characteristics of the same water.
A profile of any given lake must take several of these
factors into account. For example, salinity and tempera-
ture are two factors that seriously inhibit or promote life.
High salinity does not favor most life other than some
algal and shrimp growth. The Dead Sea, which has a
salinity seven times that of seawater, has very low fertili-
ty. Temperature effects fertility both directly and indi-
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rectly. Most fish species prefer certain temperatures.
While largemouth bass flourish at 75°F (24°C), trout
prefer S0°F (10°C). Indirectly, temperature affects fertili-
ty by playing a large part in determining oxygen capacity
of water. Warmer water holds less oxygen than colder
water. Water at 45°F (7°C) can hold up to 12 ppm of
oxygen; while 75°F (24°C) water can only hold a maxi-
mum of 8.5 ppm of oxygen.

Salinity remains relatively constant in some lakes,
while it tends to increase significantly in others. A lake
that has outflow, such as a runoff stream, keeps within a
normal salinity range for that lake. But lakes that have no
runoff lose water over time to evaporation, and a higher
salinity results.

Wind plays an important role in water circulation,
wave action, and surface temperature. On a warm, windy
day, the surface water may be considerably warmer than
the water beneath it. Since wind is directional and effects
surface water more readily than lower water, it pushes
warm water in the direction of the wind. The result can
be a dramatic temperature difference between opposing
shores of the same lake. The downwind shore may be as
much as 30°F (16.7°C) warmer than the upwind shore.
Strong winds can also create choppy waves that effec-
tively decrease light penetrance.

Sunlight can only penetrate water to a limited depth.
Both murky and choppy water decrease light penetrance.
Submerged regions receiving light throughout are called
euphotic. Since light is required by plants for photosyn-
thesis, which produces oxygen, cloudy water generally
has less oxygen. However, plants vary in how much light
they require for growth. Some aquatic plants, such as hy-
drilla, can grow on the lake’s littoral zone (part of the
lake that slopes from the shore toward the benthos) 50 ft
(15 m) under clear water. Other plants, like cattails,
maidencane, wild rice, and lily pads grow in 3 ft (1 m)
or less of water closer to shore.

Water circulation

Water circulation is the mixing of water in a lake.
Water mixes at the surface, within the top layer, the epil-
imnion, and among layers. The bottom layer of water is
called the hypolimnion, and the water between the hy-
polimnion and epilimnion makes up the metalimnion.
The metalimnion is also called the thermocline, because
a drastic temperature change occurs the lower one goes
in it. Mixing is facilitated by wind at the epilimnion and
is possible due to water density variation between lay-
ers. When layers mix and change places, a lake is said to
turn over. Turnover occurs when water in an upper layer
is heavier, or denser than the layer of water underneath
it. Lakes that turn over once a year are said to be mo-

GALE ENCYCLOPEDIA OF SCIENCE 3



nomictic. Lakes that turn over twice a year, once in
spring and once in fall, are called dimictic. Lakes that
turn over at least once a year are called holomictic. Some
lakes do not fully turn over at all due to high salt content;
the high salt lower layer prevents hypolimnic turnover in
these meromictic lakes.

The most controlling factors in lake circulation are
changes and differences in water temperature; however,
salinity, wind, and lake shape each have a role in circula-
tion as well. Bowl-shaped lakes tend to turn over more
easily than oxbow lakes. Water temperature determines
water density which, in turn, accounts for turnover.
Water is at its minimum density in the form of ice.
Warmer water is less dense than cooler water until cold
water reaches 39.2°F (4°C), when it gets lighter. Deeper
water is generally both denser and colder than shallower
water—other than ice.

In fall, the surface is cooled in proximity to the sur-
rounding air. As this surface water cools, it sinks, mixing
throughout the epilimnion. The epilimnion continues to
cool and eventually matches the metalimnion in temper-
ature. Wind mixes these two water layers, which then
cool to temperatures lower than the hypolimnion temper-
ature. Then the hypolimnion water mixes in with the rest
of the water and rises to surface. If hypolimnion water
was oxygen-depleted, then it will obtain more oxygen at
the surface during the winter. During winter, the hy-
polimnion is warmer than the epilimnion-unless the en-
tire lake freezes. This process is called fall turnover.

In spring, the ice warms, melts, and mixes within
the epilimnion. As the entire epilimnion warms, it be-
comes denser than the hypolimnion, the whole lake turns
over, and mixing takes place. This is spring turnover. As
summer progresses, the metalimnion warms and the
three temperature layers are apparent until fall. If snow
has piled high onto the surface over the winter and
blocked photosynthesis, then much lake life may die, re-
sulting in a phenomenon called winterkill.

Tremendous variability exists in turnover patterns and
date of onset. Polar lakes warm later in spring and cool
sooner in fall than similar lakes in tropical regions. Ice may
only melt away from some lakes for two months a year, re-
sulting in slow fish growth compared to warmer climates.
High altitude lakes also warm later and cool sooner than
equivalent low altitude lakes. Tropical, high altitude lakes
lose heat continuously, do not develop layers, and overturn
continually, whereas sub-tropical, low altitude lakes that
never freeze only layer in summer and turn over in winter.

Lake threats

Aside from the natural aging process, major threats
to the longevity of lake fertility include pollution (includ-
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KEY TERMS
Eutrophic—Older, fertile lakes with thick basin
deposits and several life forms.

Mesotrophic—Middle-aged lakes with intermedi-
ate levels of basin deposits and numbers of life
forms.

Oligotrophic—Young lakes with the least amount
of basin detritus and numbers of life forms.

Turnover—The mixing and flip-flopping of ther-
mal layers within a lake that results in nutrient
mixing within the lake.

ing acid rain), eutrophication, and shoreline overdevel-
opment. Acid rain is formed by sulfates and nitrates emit-
ted from coal-burning industries and automobile exhaust
pipes. These chemicals combine with moisture and sun-
light and are converted into sulfuric and nitric acid that
enter lakes via precipitation. Acid rain has a pH of four
and half, contrasting with the normal rain pH value of
5.6. Since a single digit pH difference (say, from eight to
nine) represents a 10-fold change in acidity, acid rain is
more than 10 times more acidic than normal rain. Fresh-
water life generally prefers alkaline (basic, non-acidic)
conditions, but lake fertility is usually fairly functional
down to a pH of six. However, when pH drops to five and
below, as the effects of acidrain accumulate, life forms
are severely effected. Plants, plankton, insects, and fish
all gradually disappear. Young and old organisms die
first, followed by the young and middle-aged adults.
Many bacteria even die. Other chemical pollutants in-
clude fertilizers and pesticides that drain into lakes
through soil and enter through streams. Pesticides are
toxic to fish, while fertilizers can cause eutrophication.

Eutrophication is the abundance of nutrients for
fertile growth. It is a natural phenomenon in mature
lakes. However, chemical pollutants, including phospho-
rous and nitrogen compounds, can artificially propel
lakes to this state where the demand by aquatic animals
on lake oxygen is great. Man-made eutrophication
threatens to deplete lake oxygen which can kill most of a
lake’s fish. Some eutrophigenic lakes are now aerated by
man to increase available oxygen.

Shore overdevelopment disrupts natural habitats and
increases pollution. Shorelines that are built up with dirt
to support construction of buildings can crush wet, rocky
areas that some lake species use for spawning. In addi-
tion, shoreline plant life is sometimes removed to create
sandy, recreational areas, and the influx of people usual-
ly increases pollution.
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KEY TERMS

Eutrophic—Older, fertile lakes with thick basin
deposits and several life forms.
Mesotrophic—Middle-aged lakes with intermediate
levels of basin deposits and numbers of life forms.
Oligotrophic—Young lakes with the least amount
of basin detritus and numbers of life forms.
Turnover—The mixing and flip-flopping of ther-
mal layers within a lake that results in nutrient
mixing within the lake.

See also Ecosystem; Ice ages.
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Lamarckism

Chevalier de Lamarck was a French naturalist and
invertebrate zoologist who lived from 1844-1829. He is
best known for a theory of evolution developed in his
book, Philosophie zoologique, published in 1809. This
theory, known today as Lamarckism, is based on the so-
called “inheritance of acquired traits,” meaning that char-
acteristics that an organism may develop during its life-
time are heritable, and can be passed on to its progeny.

The anatomical, biochemical, and behavioral char-
acteristics that an individual organism displays as its de-
velops through life is known as its phenotype. However,
the phenotype that an individual actually develops is
somewhat conditional, and is based on two key factors:
(1) the fixed genetic potential of the org anism (or its
genotype; this refers to the specific qualities of its genet-
ic material, or DNA [deoxyribonucleic acid]); and (2)
the environmental conditions which an organism experi-
ences as it grows. For example, an individual plant (with
a particular, fixed genotype) that is well supplied with
nutrients, moisture, and light throughout its life will
grow larger and will produce more seeds than if that
same plant did not experience such beneficial conditions.
Conditional developmental possibilities as these are now
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known to be due to differing expressions of the genetic
potenti al of the individual (biologists refer to the vari-
able expression of the genome of an organism, as influ-
enced by environmental conditions encountered during
its development, as “phenotypic plasticity.”

However, at the time of Lamarck and other biolo-
gists of the late eighteenth and nineteenth centuries the
mechanisms of inheritance were not known (this in-
cludes Charles Darwin and Alfred Russel Wallace, the
co-discoverers of the theory of evolution by natural se-
lection, first published in 1859). These scientists
thought that the developmental contingencies of individ-
ual organisms (which they called “acquired traits) were
not initially fixed genetically, but that they could some-
how become incorporated into the genetic make-up of
individuals, and thereby be passed along to their off-
spring, so that evolution could occur. For example, if the
ancestors of giraffes has to stretch vigorously to reach
their food of tree foliage high in the canopy, this physi-
cal act might somehow have caused the individual ani-
mals to develop somewhat longer necks. This “ac-
quired” trait somehow became fixed in the genetic com-
plement of those individuals, to be passed on to their
offspring, who then also had longer necks. Eventually,
this presumed mechanism of evolution could have re-
sulted in the appearance of the modern, extremely long-
necked giraffe.

Modern biologists, however, have a good under-
standing of the biochemical nature of inheritance. They
know that phenotypic plasticity is only a reflection of the
variable, but strongly fixed genetic potential that exists
in all individuals. Therefore, the idea of the inheritance
of acquired traits is no longer influential in evolutionary
s cience. Instead, biologists believe that evolution largely
proceeds through the differential survival and reproduc-
tion of individuals whose genetic complement favors
these characters in particular environments, compared
with other, “less-fit” individuals of their population. If
the phenotypic advantages of the “more-fit” individuals
are due to genetically fixed traits, they will be passed on
to their offspring. This results in genetic change at the
population level, which is the definition of evolution.
This is, essentially, the theory of evolution by natural se-
lection, first proposed by Darwin and Wallace in 1859.

Lampreys and hagfishes

Lampreys and hagfishes are unusual, jaw-less fish
that comprise the order Cyclostomata, so named because
of the circular shape of the mouth. The 41 species of
lampreys are in the superfamily Petromyzontoidea,
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while the approximately 35 species of hagfishes and
slime hags are in the superfamily Myxinoidea.

Lampreys and hagfishes lack the scales typical of
most fish, and are covered with a slimy mucous. These
animals have an elongated, eel-like shape, and do not
have any paired fins on their sides. Lampreys and hag-
fishes have gill pouches for ventilation, connected to the
external environment by numerous holes or slits on the
sides of the body and back of the head. These animals
have a simple, cartilaginous skeleton. However, lam-
preys and hagfishes are divergent in various anatomical
characteristics, and each represents an ancient and dis-
tinct evolutionary lineage.

Lampreys and hagfishes are living representatives of
an ancient order of jawless, fish-like animals that com-
prise the class Agnatha. Almost all of these jawless verte-
brates became extinct by the end of the Devonian period
about 365 million years ago. This dieback probably oc-
curred because of competition from and predation by the
more efficient, jawed fishes that evolved at that time.
However, the ancestors of lampreys and hagfishes sur-
vived this evolutionary and ecological change. These dis-
tinctive creatures first appear in the fossil record during
the Carboniferous period (365-290 million years ago),
and are considered to be relatively recently evolved jaw-
less fish. The lack of scales and paired fins in lampreys
and hagfishes are traits that evolved secondarily, and are
atypical of fossil members of their class, Agnatha.

Lampreys

Adult lampreys have relatively large dorsal and ven-
tral fins on the latter half of their bodies, and have a
well-developed visual sense. These animals have a circu-
lar mouth that can be used to attach sucker-like to the
body of a fish. Parasitic species of lamprey then rasp a
hole in the body wall of their victim, using rows of kera-
tinized, epidermal structures that function like teeth, and
a tongue that can protrude beyond the mouth. The lam-
prey then feeds on the ground-up tissues and bloody dis-
charges of its prey. If the victim is a large fish, it will
generally survive the lamprey attack, and perhaps several
attacks during its lifetime. The victim is seriously weak-
ened, however, and may fail to reproduce, or may even-
tually succumb to environmental stresses a more vigor-
ous animal could tolerate. Because lampreys do not usu-
ally kill their victims directly, they are generally consid-
ered to be a parasite, rather than a predator.

Lampreys also use their disk-mouths to hold onto
rocks to stabilize themselves in moving water, and to
move pebbles while digging their nests in a stream. The
name of the common genus of lampreys, Petromyzon,
translates as “stone sucker” from the Greek.
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A single Pacific lamprey with its mouth open. Photograph
by Tom McHugh. Photo Researchers, Inc. Reproduced by
permission.

Lampreys can pump water directly into and out of
their seven gill cavities through separate gill slits. This
ability allows lampreys to ventilate water over their gills,
even though their mouth may be actively used for feed-
ing or sucking on rocks.

Most species of lampreys are anadromous, spending
their adult life at sea or in a large lake, and swimming
upstream in rivers to their breeding sites in gravelly sub-
strate. The larvae of lampreys, known as an ammocoete,
look very unlike the adult and were once believed to be a
different species. The ammocoete larvae live in muddy
sediment, and are a filter-feeder on suspended aquatic
debris and algae. The larval stages can last for more than
four years, finally transforming into the adult stage,
when they reenter the oceans on lakes.

Hagfishes

Hagfishes are entirely marine animals, living in bur-
rows dug into the sediment of the sea floor of the temper-
ate waters of the continental shelves. They have degener-
ate, non-functional eyes, and appear to rely mostly on
short, sensory tentacles around their mouth for detecting
their food. Hagfishes have a single nostril, through which
water is taken in and used to ventilate the gas-exchange
surfaces of their gill pouches before being discharged back
to the ambient environment through gill slits. Hagfishes
have four distinct blood-pumping regions in their circula-
tory system, which represent four functional hearts.
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Group of Pacific lampreys. Photograph by Gary Gibson.
Photo Researchers, Inc. Reproduced by permission.

A single, elongated gonad on the front part of hag-
fishes develops into an ovary in females, and the back
part into a testis in males. In 1864, the Copenhagen
Academy of Sciences offered a prize for the first zoolo-
gist to describe the method by which hagfish eggs get
fertilized. This prize has yet to be claimed! Hagfish feed
largely on invertebrates, especially polychaete worms.
They also feed on dead fish, which they enter through
the mouth, and then eat from the inside out. Hatchlings
of hagfishes resemble the adults, and therefore are not,
strictly speaking, larvae.

Hagfishes are extremely slimy creatures. Their mu-
cous may protect them from some types of predators, but
it can also represent a problem to the hagfish, by poten-
tially plugging its nostril. Hagfishes periodically de-
slime themselves by literally tying themselves into a
tight knot, which is skillfully slid along the body, push-
ing a slime-ball ahead of itself. This unusual, knotty be-
havior is also used by hagfishes to escape from preda-
tors, and to tear into the flesh of dead fish.

Interactions with humans

Marine fishers sometimes find hagfishes to be a
minor nuisance because they swim into deep-set nets and
eat some of the catch. They are extremely messy and un-
pleasant to remove from nets, because of the copious,
thick, sticky slime that covers their body.

The sea lamprey (Petromyzon marinus) is an impor-
tant parasite of economically important species of fish in

2266

KEY TERMS
Anadromous—Refers to fish that migrate from
saltwater to freshwater, in order to breed.

the Great Lakes of North America. This species was
probably native to Lake Ontario, but it spread to the
other Great Lakes after the construction of the Welland
Canal in 1829 allowed the sea lamprey to get around Ni-
agara Falls, which had been an insurmountable barrier to
its movement up-river. The sea lamprey was similarly
able to colonize Lake Champlain after a transportation
canal was built to link that large water body to the sea.
The sea lamprey now occurs in all the Great Lakes and
in other large lakes in North America, where it para-
sitizes all of the larger species of fish and greatly reduces
their productivity. The lake trout (Salvelinus namaycush)
was virtually eliminated from some lakes by the sea lam-
prey, and probably would have been extirpated if not for
the release of young trout raised in hatcheries.

The deleterious effects of the sea lamprey are now
controlled to a significant degree by the treatment of its
spawning streams with a larvicidal chemical (TFM, or 3-
trifluoromethyl-4-nitrophenol) that is applied to the water,
killing the ammocoetes. However, TFM cannot be applied
to all of the breeding habitats of the sea lamprey, and this
parasite continues to cause important damage to commer-
cial and sport fisheries, especially on the Great Lakes.

Resources
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Carroll, R.L. Vertebrate Paleontology and Evolution. New
York: Freeman, 1989.

Harris, C.L. Concepts in Zoology. New York: Harper-Collins,
1992.

Bill Freedman

Land and sea breezes

Land and sea breezes are wind and weather phe-
nomena associated with coastal areas. A land breeze is a
breeze blowing from land out toward a body of water. A
sea breeze is a wind blowing from the water onto the
land. Land breezes and sea breezes arise because of dif-
ferential heating between land and water surfaces. Land
and sea breezes can extend inland up to 100 mi (161 km),
or manifest as local phenomena that quickly weaken with
a few hundred yards of the shoreline. On average, the
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weather and cloud effects of land and sea breezes dissi-
pate 20 -30 mi (32-48 km) inland from the coast.

Land and sea breeze patterns can greatly influence
fog distribution and pollution accumulation or disper-
sion over inland areas. Current research on land and sea
breeze circulation patterns also include attempts to
model wind patterns that affect energy requirements
(e.g., heating and cooling requirements) in affected areas
as well as impacts on weather dependent operations
(e.g., aircraft operations).

Because water has a much higher heat capacity that
do sands or other crustal materials, for a given amount of
solar irradiation (insolation), water temperature will in-
crease less than land temperature. Regardless of temper-
ature scale, during daytime, land temperatures might
change by tens of degrees, while water temperature
change by less than half a degree. Conversely, water’s
high heat capacity prevents rapid changes in water tem-
perature at night and thus, while land temperatures may
plummet tens of degrees, the water temperature remains
relatively stable. Moreover, the lower heat capacity of
crustal materials often allows them to cool below the
nearby water temperature.

Air above the respective land and water surfaces is
warmed or cooled by conduction with those surfaces. Dur-
ing the day, the warmer land temperature results in a
warmer and therefore, less dense and lighter air mass
above the coast as compared with the adjacent air mass
over the surface of water. As the warmer air rises by con-
vection, cooler air is drawn from the ocean to fill the void.
The warmer air mass returns to sea at higher levels to com-
plete a convective cell. Accordingly, during the day, there is
usually a cooling sea breeze blowing from the ocean to the
shore. Depending on the temperature differences and
amount of uplifted air, sea breezes may gust 15 to 20 miles
per hour (13 to 17 knots ([autical miles per hour]. The
greater the temperature differences between land and sea,
the stronger the land breezes and sea breezes.

After sunset, the air mass above the coastal land
quickly loses heat while the air mass above the water
generally remains much closer to it’s daytime tempera-
ture. When the air mass above the land becomes cooler
than the air mass over water, the wind direction and con-
vective cell currents reverse and the land breeze blows
from land out to sea.

Because land breezes and sea breezes are localized
weather patterns, they are frequently subsumed into or
overrun by large-scale weather systems. Regardless,
winds will always follow the most dominant pressure
gradient.

The updraft of warm, moist air from the ocean often
gives rise to daytime cloud development over the shore-
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line. Glider pilots often take advantage of sea breezes to
ride the thermal convective currents (sea breeze soaring).
Although most prevalent on the sea coastline, land
breezes and sea breezes are also often recorded near
large bodies of water (e.g., the Great Lakes). In general,
land breezes and sea breezes result in elevated humidity
levels, high precipitation, and temperature moderation
in coastal areas.

See also Atmospheric circulation; Atmospheric pres-
sure; Atmospheric temperature; Clouds; Solar illumina-
tion: Seasonal and diurnal patterns; Weather forecasting.

Land use

Land use is a geographical concept that refers to the
ways in which parcels of land are utilized by people and
society. Land-use planning is an activity that examines
the factors that influence the nature and dynamics of land
usage and develops ways to optimize those variables to
achieve larger social, economic, and ecological benefits.

Uses of the land

Particular areas of land can be utilized by humans in
diverse ways. These can include residential, institutional,
business, industrial, agricultural, forestry, park, and
other relatively natural land uses. Each of these broader
categories can be further subdivided, based on the nature
and intensity of the activities that are undertaken.

Residential land uses, for example, can involve sin-
gle-family dwellings on large or small lots, or aggrega-
tions of multiple-unit dwellings of various sorts. The
most intensive residential land-uses are associated with
clusters of apartment buildings, which can support ex-
tremely large densities of human populations.

Institutional land uses are mostly associated with
land that is occupied by public buildings such as schools,
universities, government office buildings, art galleries,
and museums. These facilities are most commonly locat-
ed in urban or suburban areas. Business land uses are
rather similar in many respects, and are mostly associat-
ed with land that is appropriated to retail facilities of var-
ious types, and with office buildings.

Industrial land uses are extremely varied, depending
on the nature of the industry being considered. Urban-in-
dustrial land usage generally refers to the siting of facto-
ries or petroleum refineries, and of utilities such as elec-
tricity generating stations, and water- and sewage-treat-
ment facilities. Industrial land use in rural areas can in-
clude mines, smelters, and mills for the production of
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The Incas used terraces to make optimal use of the limited
land areas available for cultivation. These terraces are
found near Machu Picchu, Peru. JLM Visuals. Reproduced by
permission.

ores and metals; mines and wellfields for the production
of fossil fuels such as coal, oil, and natural gas; and
large water-holding reservoirs for the production of hy-
droelectricity.

Land uses for agriculture and forestry are also types
of industrial land uses, in this case involved with the pro-
duction of food or tree-fiber as renewable resources. The
nature of agricultural land uses depends on the types of
crops and agronomic systems, which can vary from inten-
sively managed monocultures, to more organic systems
involving annual or perennial crops and little use of fertil-
izers or pesticides. Similarly, the intensity of land use in
forestry varies from systems involving clear-cutting and
the establishment of short-rotation plantations, to selec-
tion-harvesting systems with long-spaced interventions.

Some land uses associated with parks and golf
courses also represent intensive modifications of the nat-
ural landscape. The management practices required to
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maintain these lawn-dominated ecosystems are similar to
those utilized in some types of monocultural agricultural
systems. Other types of parks, however, are little
changed from the natural state of the land, and they may
only involve the development of a few access roads, un-
paved trails, and interpretation facilities.

The last major category of land use is really a
nonuse, and involves designation of an area as an eco-
logical or wilderness reserve. In most cases, this sort of
land-use designation precludes the exploitation of natur-
al resources by mining, forestry, or agriculture, and usu-
ally by hunting and fishing as well. However, scientific
research and recreational activities that do not require
extensive facilities, such as hiking and canoeing, may be
permitted in many areas designated for natural land use.

Land-use conflicts, planning, and regulation

Land-use planning is an important activity of many
geographers and planners. Land-use planning is usually
pursued at the larger spatial scale, for example, by local or
regional municipalities, counties, and states or provinces.
The goal of land-use planning is to ensure that uses of the
land are appropriate and sustainable, and do not cause un-
acceptable social or economic disruptions, or serious envi-
ronmental degradations of the site or landscape.

Of course, land-use planning cannot achieve this
goal by itself. There must also be a political will to im-
plement appropriate land-use plans through regulation
and zoning of the activities of people, businesses, and
government itself. Achievement of a successful and sus-
tainable pattern of land use requires planning, regulation,
and monitoring, as well as effective resolution of unan-
ticipated conflicts as they arise.

One of the most useful tools available to land-use
planners is known as geographic information systems, or
GIS. GIS is a computer-based system for the storage, re-
trieval, analysis, and portrayal of data on the uses, char-
acteristics, and ecological dynamics of areas of land. Ex-
amples of spatial information that GIS is extremely use-
ful in analyzing, portraying, and overlaying include data
on topography, landforms, surface waters, environmental
chemistry, wildlife populations, ecological communi-
ties, floodplains, political boundaries, etc. Because of its
powerful capabilities, GIS has proven to be an almost
revolutionary tool for planners, who can use this com-
puterized system to describe both existing and future
land-use characteristics, and to effectively model the po-
tential implications of various land-use scenarios.

Urban and suburban land-use planning generally fo-
cuses on designing an appropriate mixture of residential,
retail, business, institutional, industrial, and recreational
land uses and activities. Attention must be paid to the de-
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livery of utilities such as water, electricity, telephone
lines, and sewerage services to all of these user groups,
while also ensuring that there is an appropriate network
of transportation facilities, and that unacceptable con-
flicts do not occur among user groups.

Unfortunately, many cities and larger urban-subur-
ban regions have developed without paying appropriate
attention to planning and regulating the various sorts of
uses of the land, and tremendous problems have subse-
quently occurred. These diverse predicaments include
such problems as large numbers of people living beside
heavily polluted industries, terrible traffic jams due to lit-
tle coordination of the development of residential facili-
ties and employment opportunities, and large numbers of
people having inadequate access to clean water and other
elements of a healthy life-support system.

Land-use planning in rural areas must also focus on
identifying and avoiding unacceptable environmental
damages and conflicts among resource users. For exam-
ple, in planning agricultural land use, it is critical to con-
sider land capability and whether particular agricultural
systems might cause excessive erosion, resulting in
degradation of the agricultural resource, and unaccept-
able damage to nearby aquatic ecosystems.

In addition, land used for agriculture, forestry, hy-
droelectric reservoirs, or mining is not available for other
uses, and this can have great implications for regional
economies and their sustainability. Therefore, wherever
possible, it is desirable to have a balanced mixture of ap-
propriate land-uses and activities on the landscape.

It is also critical that rural land-use planning accom-
modate the need to preserve some areas as natural, self-
maintaining ecosystems, so that unacceptable damages
to biodiversity resources are not caused. This is also a
consideration in urban land-use planning, although the
opportunities to accommodate natural, ecological values
are more limited in urban areas.

See also Ecological economics; Ecology; Human
ecology.
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KEY TERMS
Geographic information systems (GIS)—A com-
puter-based system for the storage, analysis, and
portrayal of spatial data related to geography,
ecology, and environmental science.

Landscape—An extensive area of terrain, encom-
passing many discrete ecological communities.
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Landfill

The term “sanitary landfill” was first used in the
1930s to refer to the compacting of solid waste materi-
als. Initially adopted by New York City and Fresno, Cali-
fornia, the sanitary landfill used heavy earth-moving
equipment to compress waste materials and then cover
them with soil. The practice of covering solid waste was
evident in Greek civilization over 2,000 years ago, but
the Greeks did it without compacting.

Today, the sanitary landfill is the major method of
disposing waste materials in North America and other
developed countries, even though considerable efforts
are being made to find alternative methods, such as recy-
cling, incineration, and composting. Among the rea-
sons that landfills remain a popular alternative are their
simplicity and versatility. For example, they are not sen-
sitive to the shape, size, or weight of a particular waste
material. Since they are constructed of soil, they are
rarely affected by the chemical composition of a particu-
lar waste component or by any collective incompatibility
of co-mingled wastes. By comparison, composting and
incineration require uniformity in the form and chemical
properties of the waste for efficient operation. About
67% of the solid waste generated in the United States is
still dumped in landfills. This corresponds to several tons
of waste per landfill daily, considering 4.5 Ib (2 kg) of
solid waste is generated each day per person in this
country. Americans will have created approximately 220
million tons of solid waste in the year 2000. The many
tons of solid waste dumped in a landfill today will not
decompose until 30 years from now. In order to create
environmentally friendly landfills, new sites are being
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engineered to recover the methane gas that is generated
during decomposition, and some older landfills are
being mined for useful products.

About 70% of materials that are routinely disposed
of in landfills could be recycled instead. More than 30%
of bulk municipal garbage collections consist of paper
that could be remanufactured into other paper products.
Other materials like plastic, metal, and glass can also be
reused in manufacturing, which can greatly reduce the
amount of waste materials disposed in landfills, as well
as preserving sources of nonrenewable raw materials.

Sanitary landfill

Sanitary landfills involve well-designed engineering
methods to protect the environment from contamination
by solid or liquid wastes. A necessary condition in de-
signing a sanitary landfill is the availability of vacant land
that is accessible to the community being served and has
the capacity to handle several years of waste material. In
addition, cover soil must be available. Of course, the lo-
cation must also be acceptable to the local community.
Historically, landfills were placed in a particular location
more for convenience of access than for any environmen-
tal or geological reason. Now more care is taken in deter-
mining the location of new landfills. For example, sites
located on faulted or highly permeable rock are passed
over in favor of sites with a less-permeable foundation.
Rivers, lakes, floodplains, and groundwater recharge
zones are also avoided. It is believed that the care taken in
the initial location of a landfill will reduce the necessity
for future clean-up and site rehabilitation. Locations
near airports are avoided because the landfill usually at-
tracts birds that can interfere with aircraft. Due to these
and other factors, it is becoming increasingly difficult to
find suitable locations for new landfills. Easily accessible
open space is becoming scarce and many communities
are unwilling to accept the building of a landfill within
their boundaries. Since 1978, over 14,000 landfills have
been filled up and shut down. Many major cities have al-
ready exhausted their landfill capacity and must export
their trash, at significant expense, to other communities
or even to other states and countries.

The three basic procedures that are carried out in san-
itary landfills are: spreading the solid waste materials in
layers; compacting the wastes as much as possible; and
covering the material with dirt at the end of each day. This
method reduces the breeding of rats and insects at the
landfill, reduces the threat of spontaneous fires, prevents
uncontrolled settling of the materials, and uses the avail-
able land efficiently. Although this method does help con-
trol some of the pollution generated by the landfill, the fill
dirt also occupies up to 20% of the landfill space, reducing
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its waste-holding capacity. Another important considera-
tion for landfill design is the use of the site after it is filled.
Some sites have become parks, housing projects, or sites
for agriculture. Under pressure from the government, en-
vironmentalists, and the public, and with diminishing nat-
ural and financial resources available to them, municipali-
ties are now planning their landfills carefully to avoid
some of the later costs of clean-up or containment.

Method types

Trench and area methods, along with combinations
of both, are used in the operation of landfills. Both meth-
ods operate on the principle of a “cell,” which in landfills
comprises the compacted waste and soil covering for
each day. The trench method is good in areas where
there is relatively little waste, low groundwater, and the
soil is over 6 ft (1.8 m) deep. The area method is usually
used to dispose of large amounts of solid waste.

In the trench method, a channel with a typical depth
of 15 ft (4.6 m) is dug, and the excavated soil is later
used as a cover over the waste. Grading in the trench
method must accommodate the drain-off of rainwater.
Another consideration is the type of subsurface soil that
exists under the topsoil. Clay is a good source of soil be-
cause it is nonporous. Weather and the amount of time
the landfill will be in use are additional considerations.

In the area method, the solid wastes and cover mate-
rials are compacted on top of the ground. This method
can be used on flat ground, in abandoned strip mines,
gullies, ravines, valleys, or any other suitable land. This
method is useful when it is not possible to create a land-
fill below ground.

A combination method is called the progressive
slope or ramp method, where the depositing, covering,
and compacting are performed on a slope. The covering
soil is excavated in front of the daily cell. Where there is
no cover material at the site, it is then brought in from
outside sources.

Decomposition

A landfill has three stages of decomposition. The
first one is an aerobic phase. The solid wastes that are
biodegradable react with the oxygen in the landfill and
begin to form carbon dioxide and water. Temperature
during this stage of decomposition in the landfill rises
about 30°F (16.7°C) higher than the surrounding air. A
weak acid forms within the water and some of the min-
erals are then dissolved. The next stage is anaerobic, in
which microorganisms that do not need oxygen break
down the wastes into hydrogen, ammonia, carbon diox-
ide, and inorganic acids.
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Fresh Kills Landfill on Staten Island, New York. Photograph by Andrew Holbrooke. Stock Market. Reproduced by permission.

In the third stage of decomposition in a landfill,
methane gas is produced. Sufficient amounts of water
and warm temperatures have to be present in the landfill
for the microorganisms to form the gas. About half of
the gas produced during this stage will be carbon diox-
ide, but the other half will be methane. Systems of con-
trolling the production of methane gas are either passive
or active. In a passive system the gas is vented into the
atmosphere naturally, and may include venting trenches,
cutoff walls, or gas vents to direct the gas. An active
system employs a mechanical method to remove the
methane gas and can include recovery wells, gas collec-
tion lines, a gas burner, or a burner stack. Both active
and passive systems have monitoring devices to prevent
explosions or fires.

Operating principles

While landfills may outwardly appear simple, they
need to operate carefully and follow specific guidelines
that include where to start filling, wind direction, the
type of equipment used, method of filling, roadways to
and within the landfill, the angle of slope of each daily
cell, controlling contact of the waste with groundwater,
and the handling of equipment at the landfill site.
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Considerations have to be made regarding the soil that
is used as a daily cover, which is usually 6 in (15.2 cm)
thick, an intermediate cover of 1 ft (30.5 cm), and a final
cover of 2 ft (61 cm). The compacting of the solid waste
and soil has to be considered as well, so that the biological
processes of decomposition can take place properly.

Shredding of solid wastes is one method of saving
space at landfills. Another method is baling of wastes.
The advantages to shredding are twofold. The material
can be compacted to a greater density, thereby extending
the life of the landfill, and it can be compacted more
quickly as well. Less cover is required and there is also
less danger of spontaneous fire. Landfills using shredded
materials produce more organic decomposition than
those disposing of unshredded solid wastes. The advan-
tages of baling are an increase in landfill life because of
an increase in waste density. Hauling times are reduced,
as are litter, dust, odor, fires, traffic, noise, earth mov-
ing, and land settling. Less heavy equipment is needed
for the cover operation and the amount of time it takes
for the land to stabilize is reduced. Using biodegradable
materials also helps save space in landfills because mi-
croorganisms can break down these materials more
quickly. Trash bags made of biodegradable materials are
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KEY TERMS

Aerobic—Requiring or in the presence of oxygen.

Anaerobic—Describes biological processes that
take place in the absence of oxygen.

Baling—Compacting solid waste under heavy pres-
sure to form a compressed bundle.

Biodegradable—Able to decompose naturally
through the agency of bacteria, fungi, and other
microorganisms.

Biodigester—A landfill that uses methods to hasten
the decomposition of its solid waste materials.

Compacting—The practice of compressing solid
waste to take up less space.

Composting—The process by which organic
waste, such as yard waste, food waste, and paper,
is broken down by microorganisms and turned into
a useful product for improving soil.

Density—The amount of mass of a substance per
unit volume.

Fault—A fracture in the earth’s crust accompanied
by a displacement of one side relative to the other.

Floodplain—The flat, low-lying area adjacent to a
river or stream that becomes covered with water
during flooding; flood waters deposit sand, silt and
clay on this surface.

of particular use because microorganisms cause holes to
form in the bags, allowing the material inside to break
down more quickly as well.

When the secure landfill reaches capacity, it is
capped by a cover of clay, plastic, and soil, much like the
bottom layers. Vegetation is planted to stabilize the sur-
face and make the site more attractive. Sump pumps col-
lect any fluids that filter through the landfill either from
rainwater or from waste leakage. This liquid is purified
before it is released. Monitoring wells around the site en-
sure that the groundwater does not become contaminat-
ed. In some areas where the water table is particularly
high, above-ground storage may be constructed using
similar techniques. Although such facilities are more
conspicuous, they have the advantage of being easier to
monitor for leakage.

The uses to which closed landfills have been put are
varied. Efforts to limit what goes into the landfill reflect
particular concerns of different communities across the
country. They include industrial parks, airport runways,
recreational parks, ski slopes, ball fields, golf courses,
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Groundwater—Water within the earth that sup-
plies wells and springs.

Humus—Organic material made up of well-de-
composed, high molecular-weight compounds.
Humus contributes to soil tilth, and is a kind of or-
ganic fertilizer.

Incineration—The burning of solid waste as a dis-
posal method.

Inorganic solids—Solids composed of compounds
lacking carbon.

Leachate—Excess rainwater draining from a land-
fill.

Organic solids—Solids composed of compounds
containing carbon.

Permeable—Having small openings that allow lig-
uids and gases to pass through.

Recycling—The use of disused (or waste) materials,
also known as secondary materials or recyclables,
to produce new products.

Shredding—The milling of solid wastes before dis-
posal in the landfill.

Water table—The upper limit of the portion of the
ground wholly saturated with water.

playgrounds, and many others. When it has been deter-
mined that the bearing capacity of the landfill surface is
adequate, buildings can also be erected. The antiquated
view of landfills as “garbage dumps” has given way to a
science to engineer the establishment, maintenance, clo-
sure, and re-use of the area for the community.

Alternatives to landfills

The United States Environmental Protection Agency
(EPA) requires all new landfills to include a leachate col-
lection system. Recirculation of leachate accelerates the
decomposition of solid waste. Another alternative use of
landfills is to capture the methane gas produced during
decomposition to generate electricity. For example, in
Yolo County, California, a landfill releases 1.4 million
cubic feet of gas a day used to generate electricity.

Landfill mining is another process that is used to
reclaim the materials of the landfill for other purposes.
More than 65% of the product from a landfill is usable
soil. Small percentages of other materials, such as
rock, metal, wood, aluminum, glass, plastic, poly-
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styrene, and other items, can also be extracted from a
landfill that is ready to be closed. The soil can be used
as daily cover at other landfills and for grading roads
and other construction projects. This process can only
take place in landfills that are free of toxic wastes.
Other landfill mining projects use the material to turn
waste into energy.

Another alternative to landfill disposal for many
areas has been the incineration of solid wastes. This
method is often criticized because it has the potential of
polluting the air, and the residual ash still has to be
buried in a secure landfill. Dumping in the ocean has
also come under attack by environmentalists who cite
pollution of marine ecosystems and destruction of recre-
ational beaches as reasons against ocean dumping.

Recycling

As a method of reducing the costs of solid waste
disposal in landfills and of solving the problem of find-
ing suitable landfill sites, many communities have initi-
ated recycling programs. Some programs are carried out
by segregating and collecting the recyclables separately
from the materials destined for the landfill. There are
also many drop-off programs for specific items such as
bottles, plastics, cans, and newspapers.

Some communities require individual households
to separate glass, plastic, and paper, while other pro-
grams have installed systems to separate the items at a
plant and then sell them to manufacturers. The special
collection of hazardous chemical wastes has also been
initiated in communities that either recycle them or dis-
pose of them more safely than in a landfill. Several
things, besides saving space in landfills, are then ac-
complished with recycling programs. One is a cost ben-
efit to the municipality and another is a decrease in the
exploitation of natural resources, such as trees, metals,
and petroleum.

Composting

The composting of organic materials for reuse in gar-
dening and in agriculture can help alleviate the problem
of using land to dispose of waste material. Plant and food
substances are biodegradable, which means they are ca-
pable of decomposing through the agency of bacteria,
fungi, and other living organisms. Temperature and sun-
light play a role in the decomposition of biodegradable
substances as well. When substances are not biodegrad-
able, they may remain in the environment and may be ca-
pable of polluting the soil and water of an area if they are
toxic. Some biodegradable pollutants may also be capa-
ble of causing harm to the environment.

GALE ENCYCLOPEDIA OF SCIENCE 3

Substances that in the past were freely disposed of
by dumping are now being considered by many munici-
palities for recycling as compost, such as weeds, leaves,
and cut grass. Many communities throughout the country
encourage people to compost plant material and use it as
humus in their gardens. Since plant material is bio-
degradable this is a significant way to reduce solid waste
problems for towns and cities. Other significant efforts
involve the use of composted sewage sludge for soil ap-
plication on farms, yards, and golf courses.

See also Hazardous wastes; Leaching; Waste man-
agement.
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Landform

A landform is a natural sculpture of the surface of
the earth. Most landforms are produced by the actions
of weathering and erosion, carving away material from
higher elevations and depositing it down lower. Different
kinds of rock erode at a variety of rates under particular
climatic conditions. As softer rock is worn away the
more resistant rock is exposed, producing another series
of landforms. Other landforms develop from volcanic ac-
tivity or movements along faults during earthquakes.
Study of landforms reveals much about the deformation,
stresses, and strains which have affected the rocks to
date at Earth’s surface.
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Landform

Erosion and deposition

Nature’s sculpting tools are the agents of weather-
ing, mass wasting, and erosion. Weathering breaks
down bedrock into transportable fragments, mass wast-
ing moves the fragments down hill, and erosion trans-
ports them in a number of different ways. Each process
can produce characteristic landforms.

Rivers

The ability of water to move sediment depends on
its velocity, which is related to the slope of its bed.
When it is moving rapidly it can transport a great deal,
but if it slows down it deposits its load. High in the
mountains the gradient is steep and erosion dominates.
Rivers actively cut downward, and mass wasting adjusts
the walls to a “V” shape. These valleys intersect in a
branching network as tributaries merge to form fewer,
larger streams. As the water moves downstream the slope
of its bed decreases and eventually a steady state devel-
ops where there is little down cutting. Here the slopes
continue to retreat until a gentle, rolling topography
evolves. Further downstream the slope of the bed is even
less, and deposition begins to dominate. Here the river
deposits much of its load during times of flooding, and
modifies these deposits the rest of the time. One distinc-
tive landform resulting from this is the meander. As the
river winds back and forth across its flood plain it erodes
on the outside of each sinuous curve, the cut bank, and
deposits material on the inside, the point bar. Eventually
the river flows into a standing body of water, either a
lake or the sea, and slows down even more, depositing
its sediment in deltas. These landforms emerge if the
level of the lake or sea goes down.

Glaciers

A glacier is a flowing mass of solid ice. It erodes the
sides of its valley, not just the bottom, resulting in dis-
tinctive “U” shaped valleys. The rate at which it erodes
is proportional to its depth, because a thicker pile of ice
bears down harder on the rocks below. When a glacial
tributary joins a larger glacier, the tops of both will usu-
ally flow to be at nearly the same elevation, but the bot-
toms will not be. This difference results in “hanging val-
leys,” which often display magnificent waterfalls as
Yosemite Falls and Bridal Veil Falls in Yosemite Valley,
after the ice has melted away. A glacier can transport
material at any velocity, but only while it is frozen.
Where it melts, its sediments pile up into hills called
moraines. Sometimes rivers flow beneath the ice, leaving
sinuous mounds of sediments called eskers. Other de-
posits of sediment washed off the top of the glacier form
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steep sided hills called kames. If the glacier advances
again and runs over any of these deposits, it can modify
them into streamlined hills called drumlins.

Wind

Moving air can only transport sand and dust, and
does not erode solid rock very effectively. Its characteris-
tic landforms, sand dunes, occur in many sizes and
shapes. Most have a gentle slope on the windward side,
where sand is being eroded away, and a steeper leeward
side, where sand is deposited. Movement of sand from
one side to the other may result in the migration of the
sand dune in the direction the wind is blowing. As with
water, transport capability varies with velocity, so sand
dunes often develop where the wind slows down. This is
the case at Great Sand Dunes National Monument, Col-
orado, and Death Valley National Park, California, where
spectacular, but localized, dune fields occur.

Chemical dissolution and precipitation

Although erosion and deposition are most easily ob-
served where solid sediment is being moved about, invis-
ible chemical reactions also produce landforms. As
water moves through the soil it becomes acidic, in part
because of the addition of carbon dioxide produced by
the decay of organic matter. This weak acid is able to
dissolve some kinds of rock, particularly limestone, giv-
ing us spectacular underground caverns, such as the
Carlsbad Caverns of New Mexico. If such caves develop
near the surface they often collapse, and a landform
called a sinkhole develops above the cave-ins.

After passing through limestones, the water often
becomes saturated with calcium carbonate. If it comes
to the surface in springs, the calcium carbonate may pre-
cipitate to build up mounds of travertine, such as those in
Saratoga Springs, New York. Similar travertine deposits
can develop in arid climates when evaporation brings
about the precipitation of calcium carbonate. Some-
times these form a series of little dams holding back
pools of water, such as at Mooney Falls in the Grand
Canyon, Arizona.

Differential weathering and erosion

As erosion progresses, by whatever means, some
rock units will be more resistant than others. These will
be left exposed at higher elevations, and may protect un-
derlying rock. Depending on the orientation and shape of
the resistant unit, and the agents of erosion acting on it,
various landforms may develop.

Although easily attacked in humid regions, lime-
stone is a resistant rock in arid areas. Its crystalline struc-
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ture gives it strength, much like solid lava. Where nearly
horizontal, both of these rock types are found capping,
and protecting, softer rocks beneath them in much of the
American southwest. When erosion breaches the resistant
unit, it may cut down through the soft rock below very
rapidly, leaving isolated islands of resistant cap rock. As
this continues, the protection these cap rocks provide pre-
serves tall, nearly vertical landforms called buttes, if they
are small, or mesas if they are larger. Monument Valley,
near the four corners of Utah, Arizona, New Mexico, and
Colorado has dozens of spectacular examples.

If a resistant unit dips at a moderate angle, it will
often hold up an asymmetric hill. A small one is called a
hogback, and a bigger one, usually on the scale of coun-
ties, is a cuesta. Rivers, cutting down through such layers,
leave a notch as they cut. If a river continues to flow
through such a notch it is called a water gap; if not, it is
called a wind gap. Delaware Water Gap; between New
Jersey and Pennsylvania, is a classic example. Sometimes
people get the wrong idea about how these form, figuring
that the hill was there first, and then the river cut through
it. Usually, however, the main river cuts the resistant rock
and the softer rock on either side of it at the same time.
Tributaries to the main river, however, erode the soft
rocks down to near the elevation of the river, while the
more resistant rocks remain higher on either side.

A resistant unit may also be nearly vertical, because
sometimes it is formed that way. Molten rock can flow
into vertical cracks deep beneath the surface, and then
solidify into resistant igneous rock bodies called dikes.
When surrounding rocks weather away, the resistant
rocks can form vertical walls extending many miles. The
Spanish Peaks of south central Colorado have classic
swarms of such dikes dominating the topography.

Vertical walls can form from resistant sedimentary
units which have been rotated into a vertical orientation.
Rock climbers work out at Seneca Rocks, in West Vir-
ginia, the remains of a resistant sandstone unit which is
now vertical.

Tectonic landforms

If nothing countered weathering and erosion, the
continents would be reduced to sea level in a few million
years. Tectonic processes, driven by the gradual move-
ments of giant global plates, raise the elevations of parts
of the continents, producing their own landforms.

Volcanism

Volcanism produces a number of landforms. First,
of course, are volcanoes themselves. These may be steep
sided cinder cones, gently sloping shield volcanoes con-
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structed of lava flows, or a combination of the two,
called composite volcanoes, or strato-volcanoes. Cinders
and ash fall out of the air and accumulate in steep-sided
piles, but these are easily washed away by agents of ero-
sion so they are rarely very large. Solidified lava flows
are much more resistant to erosion, but because the lava
flows downhill easily before it cools, their slopes are
usually very gentle. The composite volcanoes have lay-
ers of ash, giving them substantial slopes, protected from
erosion by layers of lava. Many of the most famous vol-
canoes, such as Mt. Fuji, are composite.

Like any fluid, molten lava flows downhill, moving
down valleys and off ridges. Frequently it will cool and
solidify in the valleys, forming a rock which is very re-
sistant to weathering and erosion. As time goes by, the
surrounding softer rocks may be eroded away, leaving
the lava flows at a higher elevation, protecting the rock
beneath them from erosion. In this way “inverted topog-
raphy” is developed, where those areas which were low-
est become the most elevated.

Faults and earthquakes

As the plates move about, bending and twisting
within them produces fractures called faults. Where
these reach the surface they can produce scarps—sharp
changes in elevation—if movement on the fault had a
vertical component. Scarps can be very small, or the size
of whole mountain ranges. If a typical mountain range is
cut by a fault with large vertical movement, many ridges
may be beveled off along the same plane, giving rise to
what is often called a faceted mountain range. One clas-
sic example is the Grand Teton range in Wyoming.

If the fault movement is horizontal, such as on the
San Andreas fault, the grinding up of the rock in the
vicinity of the fault may make it susceptible to weather-
ing and erosion. This can result in long, linear valleys
such as those in much of southern California. These val-
leys, if filled with water, become sag ponds, such as the
San Andreas Lake. Dry valley floors are often among the
flattest terrain, making them prime locations for building
municipal facilities. As the reason for their existence has
become understood, however, the wisdom of such con-
struction has been called into question.

Joint sets

Sometimes sets of fractures develop where the sur-
face of the earth is stretched. Such fractures have no dis-
placement along them, and are called joints. Weathering,
particularly in arid regions, may exploit these joints, leav-
ing a series of vertical slabs of rock. Continued weather-
ing of these slabs can result in the formation of arches,
such as those at Arches National Monument, in Utah.
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Langurs and leaf monkeys

KEY TERMS
Deposition—Accumulation of sediments at the
end of their transport by erosion.

Erosion—Movement of material caused by the
flow of ice, water, or air, and the modification of
the surface of the earth (by forming or deepening
valleys, for example) produced by such transport.

Fault—A fracture in the earth’s crust accompanied
by a displacement of one side relative to the other.

Joint—A fracture in bedrock across which there
has not been significant displacement, but that
forms as a result of extensional stresses.

Weathering—Biological, chemical, and mechani-
cal attack on rock which breaks it up and alters it
at or near the surface of Earth.

Tectonic control of landforms

In addition to producing its own distinctive land-
forms, deformation of Earth’s crust is influential in con-
trolling what landforms result from differential weather-
ing and erosion. During major mountain building
episodes huge volumes of rock are compressed, folded
into complex three-dimensional forms, and sometimes
metamorphosed into different kinds of rocks. Later,
when these folded layers are exposed to the agents of
weathering and erosion, the more resistant units become
ridges which outline the folds and deformation. Often re-
sistant units offer better protection at the bottom of the
fold than they do at the top, resulting in landforms with
higher elevations over what were the troughs in the folds,
and lower elevations over what were the crests. Much of
the valley and ridge areas of Pennsylvania and adjacent
states have this kind of landform.

See also Karst topography; Topology.

Resources

Books

Chorley, Richard J., Antony J. Dunn, and Robert P. Beckinsale.
The History Of The Study Of Landforms; or, The Develop-
ment Of Geomorphology. London: Methuen; New York:
Wiley, 1964-91.

Cooke, Ron, Andrew Warren, and Andrew Goudie. Desert Ge-
omorphology. London: UCL Press, 1993.

Ollier, Clift. Ancient Landforms. New York: Belhaven Press, 1991.

Press, Frank, and Raymond Siever. Understanding Earth. New
York: W.H. Freeman and Co., 1994.

Periodicals

Wieczorek, Gerald F., et al. “Unusual July 10, 1996, Rock Fall
at Happy Isles, Yosemite National Park, California.” Bul-

2276

letin of the Geological Society of America 112, no. 1 (Jan-
uary 2000): 75-85.

Otto H. Muller

Landslide see Mass

Langurs and leaf monkeys

Langurs belong to the primate family Cercopiteci-
dae, of which 13 species are represented in the genus
Semnopithecus. This represents one of the largest and
most diverse groups of colobine monkeys in Asia, with
most species restricted to the south and southeast. Many
species are distinguished by their vocalizations and the
color of their fur, which ranges from a silver-grey in the
common or Hanuman langur (Semnopithecus entellus),
to the glossy black fur of the Ebony leaf monkey (S. au-
ratus) from Vietnam and Indonesia, a glistening orange
coloration and black face in the golden leaf monkey (S.
geei), and a ruby face in the elegantly patterned purple-
faced leaf monkey (S. vetulus) of Sri Lanka, which has a
brownish coat and a distinct white-yellow throat patch.
Many species have raised brow crests which are used to
express messages such as anger or pleasure to other
members of the same species.

These monkeys are extremely agile animals with
long limbs and tails, which are not prehensile like those
of South American monkeys. Most species measure from
16-32 in (40-80 cm), with a tail length that can reach up
to 43 in (108 cm) in the Hanuman langur. Body weight
ranges from 11-53 1b (5-24 kg), with most species
weighing around 13-18 1b (6-8 kg). They are mostly ar-
boreal, leaf-eating species, but some may spend a lot of
time foraging on the ground. Most of these monkeys,
however, are opportunistic feeders and will consume in-
sects, fungi, and fruit when the opportunity arises. Many
species also eat small amounts of soil—probably for its
mineral content. Some species, such as the Hanuman
langur eat sap and gum and even large quantities of cer-
tain fruit with high strychnine content that could kill
other species.

Leaf monkeys have large stomachs that are divided
into a number of sacs, like those of ruminants such as cat-
tle and deer. The upper section is larger than, and separat-
ed from, the lower, more acidic, section. The upper part is
where the fermentation of green foliage takes place with
assistance from anaerobic bacteria. These bacteria allow
the monkeys to break down cellulose (a major component
of all leaves) and overcome the many toxins in the leaves,
enabling them to feed from a wide range of trees, many of
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which are inedible to other monkeys. This not only en-
ables leaf monkeys to feed off a wider selection of food
items than other monkeys, but also guarantees them a
more efficient digestion of low-quality leaves than any
other primate. The slow fermentation and digestive
processes also allow for a higher absorption rate of mate-
rials as they pass through the intestines.

The social behavior of langurs and leaf moneys
varies considerably according to species as well as to
age, sex, and ecological conditions. In Hanuman langurs
for example, one of the best-studied species, each troop
has its leaders and subordinate animals, but the roles are
often not clearly defined. Most breeding groups consist
of a single adult male. The core of the troop, which may
number up to 70 animals, is composed of many related
adult females. Females rarely leave the troop. Males, in
contrast, leave shortly before they reach sexual maturity,
at about three years of age—before they are able to
threaten the dominant male of the troop and/or mate with
females within their natal troop. Solitary males usually
join bands of other nomadic males and may wander over
large areas each year in search of breeding females and
the opportunity to establish their own troops. Nomadic
males therefore pose a constant threat to the dominant
male: aggressive encounters and chases are common in
such attempts to take over a territory and breeding fe-
males. If an intruding male is successful in his bid, the
former leader will be evicted and the newcomer then
takes over the troop and breeds with the females. Often
such males will kill any young offspring sired by the for-
mer male, and by doing so, the females will come into
breeding condition again relatively quickly and allow
this new male to increase his breeding potential.

Not all langur or leaf monkey troops are as large as
those of the Hanuman langur. Troop size in the purple-
faced, hooded-black (S. johnii) and capped (S. pileatus)
leaf monkeys, for example, is often just six to nine ani-
mals, while most other species have a range of 10-18 indi-
viduals. In addition to size, the composition and role of
troop members also varies considerably. Some species
may have more than one breeding male in the troop and,
in the case of territorial species, the role of defending the
home range may fall primarily to adult males or to all
members of the troop. The size of individual territories
varies enormously according to local habitat and food
conditions, as well as the size of the troop. Large troops of
Hanuman langurs, for example, may have a home range of
more than 2,400 acres (1,000 ha), but this is an extreme
case. More often, leaf monkeys and langurs occupy home
ranges from 25 to 50 acres (10-200 ha), of which only part
may be actively defended from other monkeys.

Young langurs learn to recognize their own mothers
shortly after birth, which is important in a society where
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A spectacled langur (Trachypithecus obscurus) nursing her
young. Photograph by Tom McHugh. The National Audubon
Society Collection/Photo Researchers, Inc. Reproduced by
permission.

many curious arms reach out to touch and hold a new-
born infant. Although the mother tries to remain apart
from the rest of the troop with her infant, young mon-
keys will be given to temporary female babysitters to
hold and groom. Mothers may even suckle offspring that
are not their own. When they are weaned, young langurs
usually retain some association with their mothers, even
though she may by now have additional offspring. Young
females, in particular, often assist the mother with bring-
ing up her young.

Although langurs and leaf monkeys are all versatile
animals and display a wide range of feeding habits, the
populations of many species have been seriously reduced
in recent decades as a result of habitat loss and destruc-
tion. Many of southeast Asia’s tropical forests have been
seriously affected by logging and subsequent clearance
by agricultural settlers. Newly built logging roads have
opened up the interior of many forests, allowing greater
access to remote regions. As a result of new and spread-
ing settlements along these roads, hunting wild animals
for food and their glossy fur, particularly vocal and visi-
ble species such as leaf monkeys and langurs, has in-
creased significantly in some areas. Some species, such
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Lantern fish

as Hanuman’s langur, are pests on agricultural crops
when the crops have been planted up to the forest
fringes. Although this species is considered sacred by
Hindus in part of its range, this does not prevent its de-
struction in others.

See also Rumination.

Lantern fish

Light plays a vital role in the life of all oceans. At
the simplest level, it provides one of the basic require-
ments for photosynthesis and promotes development of
a food chain. Some species of fish that live in the darker
reaches of the oceans also rely on light for survival.
Some of these species, such as lantern fish, have even
developed their own artificial means of generating light.

Lantern fish are so called on account of the special
light-producing organs that are found in their skin. Each
light organ, known as a photophore, is connected to the
animal’s nervous system which, perhaps together with
some form of hormonal control, dictates the flashing se-
quence of these organs. In addition to a series of rows of
light-producing organs along their sides (the pattern and
number of which varies according to species), some
lantern fish, such as those of the genus Diaphus, also
have larger organs both in front of and underneath the
eyes, rather like a miner’s lamp. The former organs give
off a twinkling effect as the animals swim, while the lat-
ter are far more powerful, effectively lighting up the area
immediately ahead of the fish. Some species even have
light organs on their tails; the purpose of these is proba-
bly to act as false lures to potential predators. The eyes
themselves are large with large lenses and pupils and
highly sensitive retinas, suggesting that vision is an im-
portant sense for these species.

Lantern fish (family Myctophidae) are one of the
most important groups of midwater fishes, with some 250-
300 species known. Most are small fish, measuring from
0.8-10.4 in (2-15 cm) in length. They are commonly found
in large schools. Living at depths between 655-3,280 ft
(200-1,000 m), these species undergo nightly migrations
to the surface to feed, descending once again to the depths
during the day. One explanation for this behavior is that
vast quantities of tiny plankton rise to the surface of the
ocean at night; species that feed on this rich food source,
such as the lantern fish, therefore gain from having a con-
densed source of food at such times. Lantern fish also take
advantage of the fact that they are not alone in harvesting
the plankton; other small species such as amphipods and
krill are also consumed at such times. By retreating to the
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gloomy depths during the day, they may also reduce the
risk of predation from larger species.

The lantern fish is able to control the intensity and
frequency of its flashing lights, and it is likely that the
intermittent flashing serves a dual purpose. Many small-
er organisms such as krill and copepods are attracted to
sources of light and, by responding to the flashes of a
lantern fish, unwittingly offer themselves as a meal.
Recognition and warning are two other possible func-
tions of the flashing lights. Light-producing organs are
commonly found in species inhabiting the darkest re-
gions of the sea, where the dark water can present a
problem when trying to find a mate. By detecting and re-
sponding to a certain fixed frequency of light flashes,
however, a lantern fish may find a mate more easily.

Lanthanides

The lanthanides are a series of 14 metallic elements
that appear at the bottom of the periodic table. Lan-
thanum, the element preceding the lanthanides in the pe-
riodic table, is usually also included in a discussion of
the lanthanides since all 15 elements have very similar
properties. When first discovered and isolated, the lan-
thanides were called the rare earth elements. Many uses
have been found for these elements and their compounds
despite their expense.

Discovery of the lanthanides

Although once called the rare earths, most lan-
thanides are not particularly rare in the earth’s crust.
Today, with the exception of promethium, the lan-
thanides are known to have abundances comparable to
many other elements. The 15 elements, together with
their chemical symbols, are lanthanum (La), cerium
(Ce), praseodymium (Pr), neodymium (Nd), promethium
(Pm), samarium (Sm), europium (Eu), gadolinium (Gd),
terbium (Tb), dysprosium (Dy), holmium (Ho), erbium
(Er), thulium (Tm), ytterbium (Yb), and lutetium (Lu).
Thulium, one of the scarcest lanthanides, has an abun-
dance in the earth’s crust of 0.2 parts per million (ppm),
and is more abundant than arsenic or mercury. The most
abundant is cerium (46 ppm), which is more abundant
than tin. Promethium, which is radioactive, is found only
in trace amounts in uranium ores. Small amounts have
been isolated from the spent fuel of nuclear reactors. The
lanthanide elements, cerium through lutetium, have cor-
responding atomic numbers of 58 through 71.

The discovery of the lanthanides spanned more than a
century of work, beginning in the late 1700s. In 1794, the
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Finnish chemist Johan Gadolin (1760-1852) studied ytter-
bia, which he believed was a new element. More than a
decade later, the English chemist Sir Humphry Davy
(1778-1829) showed that ytterbia was a compound, com-
posed of oxygen and a metal, rather than an element. Be-
cause many of the lanthanides occur together in the same
minerals, and due to their similar properties, separation of
the lanthanides proved a challenge to nineteenth century
chemists. This often led to confusion, since it was difficult
to distinguish one element from another or from its miner-
al precursor. The mid-nineteenth century invention of the
spectroscope, an instrument that measures light emission
and absorption from heated substances, assisted with un-
ravelling lanthanide identification. With this instrument it
is possible to analyze light from the Sun and the stars, and
we now know that lanthanides are present in other parts of
our solar system and even beyond it.

Properties of the lanthanides

Like many metals, the lanthanides have a bright sil-
very appearance. Five of the elements (La, Ce, Pr, Nd,
Eu) are very reactive and when exposed to air react with
oxygen to form an oxide coating that tarnishes the sur-
face. For this reason these metals are stored under miner-
al oil. The remainder of the lanthanides are not as reac-
tive, and some (Gd, Lu) retain their silvery metallic ap-
pearance for a long time. When contaminated with non-
metals, such as oxygen or nitrogen, the lanthanides
become brittle. They will also corrode more easily if
contaminated with other metals, such as calcium. Their
melting points, which range from about 1,506.2°F
(819°C) (Yb) to about 3,025.4°F (1,663°C) (Lu), are
also sensitive to contamination. The lanthanides form
alloys with many other metals, and these alloys exhibit a
wide range of physical properties.

The lanthanides react slowly with cold water (more
rapidly with hot water) to form hydrogen gas, and readi-
ly burn in air to form oxides. Oxides are substances in
which a metal and oxygen have chemically combined to
form a compound. For example, samarium and oxygen
combine to form the compound samarium oxide. Yttri-
um has a natural protective oxide coating, making it
much more resistant. The lanthanides form compounds
with many nonmetals, such as hydrogen, fluorine, phos-
phorous, sulfur, and chlorine, and heating may be re-
quired to induce these reactions.

The arrangement of electrons in an atom (the elec-
tron configuration) influences the atom’s reactivity with
other substances. In particular, it is the outer or valence
electrons-those furthest away from the center of the
atom-that are most involved in reactions since these are
exposed to the surrounding environment. All the lan-
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thanides, from cerium to lutetium, have a similar
arrangement of their outer electrons. This explains why
they are all found in nature together and why they all
react similarly. When they react with other elements to
form compounds, most lanthanides lose three of their
outer electrons to form tripositive ions. For most com-
pounds of the lanthanides, this is the most stable ion.
Some lanthanides form ions with a positive two or four
charge, but these are usually not as stable. A comparison
of the sizes of the lanthanide atoms, and their ions, re-
veals a progressive decrease in going from lanthanum to
lutetium and is referred to as the lanthanide contraction.
Compounds containing positive and negative ions are
called ionic compounds. Most ionic lanthanide com-
pounds are soluble in water. Compounds of lanthanides
with the element fluorine (lanthanide fluorides), howev-
er, are insoluble. Adding fluoride ions to a solution of
tripositive lanthanide ions can generally be used as a
characteristic test for the presence of the lanthanides.
Likewise, lanthanide oxalates (oxalate is the negative ion
C,0,-) have low solubility.

Isolation and production

The lanthanides occur naturally in many minerals
but are most concentrated in monazite, a heavy dark
sand, found in Brazil, India, Australia, South Africa,
and the United States. The composition of monazite
varies depending on its location, but generally contains
about 50% of lanthanide compounds by weight. Like any
group of elements that have similar properties and that
occur in nature together, the separation and purification
of the lanthanides requires considerable effort. Conse-
quently, commercial production of the lanthanides tends
to be expensive.

To separate the lanthanides from other elements oc-
curring with them, they are chemically combined with
specific substances to form lanthanide compounds with
low solubility (oxalates and fluorides, for example). A
process known as ion exchange is then used to separate
the lanthanides from each other. In this process, a solu-
tion of the lanthanides in ionic, soluble form is passed
down a long column containing a resin. The lanthanide
ions “stick” to the resin with various strengths based on
their ion size. The lanthanum ion, being smallest, binds
most tightly to the resin, whereas the largest ion,
lutetium, binds the weakest. The lanthanides are then
washed out of the ion exchange column with various so-
lutions, emerging one at a time, and so are separated.
Each is then mixed with acid, precipitated as the oxalate
compound, and then heated to form the oxide. A number
of methods have been used to obtain the lanthanides in
metallic form. For example, the oxides can be converted
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Larks

to fluorides or chlorides which are then reduced with cal-
cium to metallic form.

Uses of lanthanides

Although the lanthanide elements, alloys, and com-
pounds have many uses, less expensive alternatives func-
tioning just as efficiently are used where possible. But
despite their cost, the unique properties of the lan-
thanides do sometimes favor their use over cheaper sub-
stances, and millions of tons of lanthanides, in metallic,
alloy, and compound form, are produced annually. One
of the earliest uses involved an alloy of cerium and iron,
called Auer metal, which produced a brilliant spark
when struck. This has been widely used as a “flint” in
cigarette and gas lighters. Auer metal is one of a series of
mixed lanthanide alloys called misch metals that have a
variety of metallurgical applications. These alloys are
composed of varying amounts of the lanthanide metals,
mostly cerium and smaller amounts of others such as
lanthanum, neodymium, and praseodymium. They have
been used to impart strength, hardness, and inertness to
structural materials. They have also been used to remove
oxygen and sulfur impurities from systems.

As catalysts (substances that speed up chemical re-
actions), the lanthanides are widely used in the oil refin-
ing industry since they speed up the conversion of crude
petroleum into widely used consumer products such as
gasoline. The color television industry also makes exten-
sive use of europium and yttrium oxides to produce the
red colors on television screens. Other lanthanide com-
pounds are used in street lights, searchlights, and in the
high-intensity lighting in sports stadiums. The ceramics
industry uses lanthanide oxides to color ceramics and
glasses. Optical lenses made with lanthanum oxide are
used in cameras and binoculars. Others (Pr, Nd) are used
in glass, such as in television screens, to reduce glare.
Cerium oxide has been used to polish glass. The lan-
thanides have a variety of nuclear applications. Because
they absorb neutrons, they have been used in control
rods used to regulate nuclear reactors. They have also
been used as shielding materials, and as structural com-
ponents in reactors. Some lanthanides have unusual
magnetic properties. For instance, cobalt-samarium mag-
nets are very strong permanent magnets.

See also Element, chemical.
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Lanthanum see Lanthanides

Larks

Larks are 75 species of small, terrestrial songbirds
that make up the family Alaudidae. Larks breed on all of
the continents except Antarctica. Their usual habitats
are all open areas and typically include prairies, savan-
nas, alpine and arctic tundras, heathlands, and some
types of agricultural fields.

Larks have long, pointed wings, a notched tail, and
rather long legs and toes, with the hind, backward-point-
ing toe having an unusually long claw. The beak is rather
small and pointed. The colors of larks are rather cryptic,
usually involving brownish hues, often with streaky pat-
terns, and sometimes with black and yellow markings.
The sexes are similar in size and coloration.

Larks feed on a variety of insects and other inverte-
brates and on plant seeds. Many species migrate to
warmer climates during their non-breeding season, and
they often occur in flocks at that time.

Male larks are pleasing, melodious singers, often
performing that activity while flying or hovering in the
air. Larks lay two to six eggs in a cup-shaped nest woven
of grass fibers and located on the ground, usually beside
a sheltering, grassy tussock or rock. The female incu-
bates the eggs, and her mate feeds her on the nest. Both
parents share in the rearing of their young.

The only species native to North America is the
horned lark (Eremophila alpestris), which breeds in
open habitats over much of the continent and south into
Central America. This species winters in the southern
parts of its breeding range.

In addition, a small population of skylarks (Alauda
arvensis), a species native to Eurasia and Africa, has
been introduced to southern Vancouver Island. This bird
was introduced by European immigrants, who longed for
the beautiful, warbling, song-flights of skylarks, so fa-
miliar in their memories of the European countryside.
Unlike other birds introduced for this sort of reason,
such as the starling and house sparrow, the skylark did
not become an invasive pest.

Many other species of larks occur in Eurasia, Aus-
tralasia, and especially Africa, where 80% of the species
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occur. The largest genus is that of the bush larks ( Mi-
rafra spp.), with 23 species. The singing bush lark ( M.
javanica) is very widespread, occurring in savannas and
grasslands from East Africa, across Asia, through
Southeast Asia, to Australia. The largest species is the 9
in (23 cm) hoopoe lark ( Alaemon alaudipes), which oc-
curs in deserts of North Africa and Central Asia.

Laryngitis

Laryngitis is an inflammation of the larynx. Located
at the upper end of the trachea, or windpipe, the larynx
contains the vocal chords that are used to form sounds. Be-
cause the larynx plays such an important role in speech, it
is sometimes called the “voice box.” When the larynx be-
comes inflamed in laryngitis, it swells and reddens. The
major symptom of laryngitis is hoarseness. Other symp-
toms include cough, a sore throat, and noisy breathing.

Laryngitis can be caused by infections of the upper
respiratory tract, and is either acute or chronic. Acute in-
fectious laryngitis strikes quickly and lasts a short time.
The laryngitis that accompanies the common cold, the
flu, or a bacterial infection as in strep throat, are all ex-
amples of acute laryngitis. Chronic infectious laryngitis
is more serious and long lasting. Chronic infectious
laryngitis can result from infection by the tuberculosis
bacterium or by various yeasts or other fungi.

Although it is relatively rare, one form of acute in-
fectious laryngitis can be fatal. The cause of this deadly
laryngitis is a bacterium called Haemophilius influensae.
In this infection, the larynx and the tissues surrounding it
swell to such a degree that the windpipe becomes
blocked. If untreated, the affected person can suffocate.
This infection is extremely dangerous because the symp-
toms progress quickly, especially in children. A child
with a cold or flu that leads to laryngitis should be
watched carefully for signs of obstructed breathing.

Laryngitis can result from causes other than infec-
tions. Raising the voice for long periods of time has been
known to cause laryngitis. Smoking has been linked to
chronic laryngitis. A condition called gastrointestinal re-
flux can also lead to chronic laryngitis. In this condition,
stomach acid is forced upward, “refluxed,” into the esoph-
agus or food tube. If this acid is forced high enough, it can
spill over into the windpipe, which can irritate the larynx
and eventually cause laryngitis. Doctors treat this kind of
laryngitis with antacids that neutralize the stomach acid.

Most of us will experience a bout of acute laryngitis
in our lifetimes. Whether brought on by a cold or flu or
simply talking too much, the cure is the same: rest the
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voice and drink lots of fluids. Gargling with warm salt-
water can also be soothing. Sprays that numb the throat
are not recommended because they tend to dry out deli-
cate tissues.

Laser

The laser is a device that uses the principle of stimu-
lated emission to produce light. The qualities of the light
generated by a laser are significantly different from that
generated by a conventional source such as an incandes-
cent light bulb or fluorescent light tube. These major
differences include: divergence: the laser generally emits
a pencil thin beam of light whose divergent angle is
closely related to the wavelength and limiting aperture
size. bandwidth: the light emitted by the laser generally
consists of a very narrow range of wavelengths, or color.
intensity: the output from a laser is typically orders of
magnitude higher in intensity (measured in watts per
square meter) than a conventional light source. coher-
ence; the output from a laser is generally coherent; that is,
the peaks and troughs of the lightwaves all correspond,
allowing the light to form clear interference patterns.

Background and history

In the 1950s, there was a push by scientists to devel-
op sources of coherent electromagnetic radiation at
wavelengths shorter than vacuum tubes could provide.
Charles Townes and co-workers at Columbia University,
New York, developed the ammonia maser (microwave
amplification by stimulated emission of radiation) in
1954, a device which produced coherent microwaves. In
1958, Townes and Art Schawlow published the princi-
ples of a maser operating in the visible region of the
electromagnetic spectrum. The first successful demon-
stration of a laser followed in 1960 by Theodore Maiman
of Hughes Laboratories, who operated a pulsed ruby
laser which generated several kilowatts of optical power.

In the following few years, several different laser
systems were demonstrated in gases (helium neon mix-
ture, carbon dioxide, argon, krypton) and solids (urani-
um, samarium, neodymium, nickel, cobalt, and vanadi-
um ions implanted in electrically insulating crystalline
hosts). Since that time, laser action has been demonstrat-
ed in many different materials, involving all four states
of matter (solid, liquid, gas, and plasma), covering the
range of wavelengths from x rays to submillimeter
waves. Only a few types of laser find widespread use be-
cause of issues such as efficiency, ease of use, reliability,
and cost.
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Laser

How it works

The laser consists of the following components: the
pump, which is the source of energy to drive the laser;
the active medium, which is where the stored energy is
converted into the laser light through the process of stim-
ulated emission; the optical cavity, which is usually
made up of a pair of mirrors, one whose reflectivity at
the wavelength of the laser is as close to 100% as possi-
ble and the other with a reflectivity less than 100%,
through which the output beam propagates.

Stimulated emission

Stimulated emission is a process similar to absorption,
but operates in the opposite direction. In absorption, an in-
coming photon is absorbed by an atom, leaving the atom in
an excited state and annihilating the photon in the process.
In stimulated emission, an incoming photon stimulates an
excited atom to give up its stored energy in the form of a
photon that is identical in wavelength, direction, polariza-
tion, and phase to the stimulus photon. If the excited atom
is unable to produce a photon that matches the incoming
photon, then stimulated emission cannot take place.

For laser action to occur, a majority of the atoms in
the active medium must be excited into an energetic state,
creating a population inversion of energized atoms ready
to emit light. This is generally accomplished by pumping
the atoms optically or electrically. As a photon passes
through the collection of excited atoms, it can stimulate
the generation of many trillions of photons, or more, cre-
ating an avalanche of light. The active medium can thus
be regarded as an amplifier that takes in a small signal
(one photon, say) and delivers a large signal (many pho-
tons, all identical to the first) at the output. This amplifi-
cation, or gain, is provided by stimulated emission; hence
the term laser, which is actually an acronym for light am-
plification by stimulated eission of radiation.

To illustrate laser operation, consider the well-
known helium neon (HeNe) laser, once a staple of super-
market scanners. The active medium is a mixture of heli-
um and neon gases, enclosed in a glass tube a few inches
long, with an electrode and a mirror at each end. The
atoms in the gas mixture are excited, or pumped, by by
an electrical discharge that runs through the gas, in much
the same way that a neon sign is lit. The conditions in the
HeNe laser have been optimized so that the maximum
number of neon atoms are in the correct state to emit
light at the familiar red wavelength, 633 nm.

Oscillation

Stimulated emission alone is not sufficient to pro-
duce laser output. The emission from the atoms occurs in
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all directions; to produce the highly directional output
that makes the laser such a useful tool, the light must be
trapped in an optical cavity that provides feedback, i.e.,
forces the light to travel in a desired direction. An optical
cavity is free conduction band electrons recombine with
holes in the valence band, emitting photons equal in en-
ergy to the band gap of the semiconductor. The only suit-
able semiconductors are the so-called “direct gap” mate-
rials, such as gallium arsenide and indium phosphide. By
using alloys of different compositions, the laser band-
gap can be engineered to produce light over a wide range
of wavelengths (426 nm-1,550 nm). Silicon, having an
indirect gap, is not suitable for diode lasers.

Diode lasers are typically very small (the laser chip,
with wires running into it, is mounted on a copper block
only 6 mm wide). The cavity is formed by cleaved crys-
tal facets that act as mirrors. The cavity length is typical-
ly between 100 microns and 1 mm, and the emitting vol-
ume has a cross-section of about 1 micron high by 1-200
microns wide. A diode laser can produce power in the
range 1 mW to 1 W, depending on the size of the active
volume. Standard semiconductor processing techniques
can be used to form arrays of individual lasers in order to
generate higher powers: an array with an emitting area of
1 cm X 1 cm can produce several kW of optical power.

Solid state lasers

Although the first laser demonstrated was a solid
state ruby laser, for many years the most common com-
mercial systems were gas lasers such as helium neon
lasers and argon ion lasers, or lasers based on organic
dyes. Helium neon lasers were frequently limited in out-
put power, argon ion lasers required expensive, sophisti-
cated power supplies and cooling sources, and the dyes
used in dye lasers were messy and often toxic. In the past
decade, solid state lasers and diode lasers have become
the dominant players in the commercial marketplace.

In a solid state laser, the active species is distributed
throughout a solid, usually crystalline, material, although
glass can also be used as a host. The lasers are robust and
frequently tunable, though heat dissipation can some-
times be an issue. Certain types of solid state crystals,
for example neodymium-doped yttrium aluminum gar-
net (Nd:YAG), can be pumped by diode lasers instead of
by other lasers or by flashlamps, which is often the case
for other materials. Such diode-pumped, solid state sys-
tems are reliable, economical, compact, and easy to op-
erate—in fact, many commercial systems are turnkey,
needing only to be plugged in and turned on to operate.

Solid state lasers are available from mid-infrared to
ultraviolet wavelengths, and at a variety of output pow-
ers. Many solid state lasers are tunable, providing output
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The beam of a mode locked, frequency doubled Nd YLF laser is reflected off mirrors and through filters at Colorado State
University. Photograph by Chris Roger Bikderberg. The Stock Market. Reproduced by permission.

across a range of wavelengths. Some of the most sophis-
ticated laser systems developed are solid-state-based, in-
cluding ultrafast systems that produce light pulses just 6
femtoseconds (107'3 seconds) long, and are used to study
molecular dynamics. Other uses for solid state lasers in-
clude medical applications, materials processing, and re-
mote sensing.

Gas lasers

Another common laser class is that of gas lasers,
which includes helium neon (HeNe) lasers, carbon diox-
ide (CO,) lasers, nitrogen lasers, and so on. The helium
neon laser, widely used until the advent of the diode
laser, was one of the first types developed and commer-
cialized. As described above, it is a discharge-pumped
gas laser, which generally produces an output measuring
a few mW in power.
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Like the HeNe laser, the CO, laser is a gas laser
powered by an electrical discharge. However, the photon
generated by stimulated emission arises from a vibra-
tional transition within the molecule, rather than an elec-
tronic transition within an atom. As a result, the photon
energy is much less than the laser systems described so
far, and the wavelength is correspondingly longer at 10.6
@&m. The CO, laser is one of the most efficient laser
sources, having an efficiency in excess of 10%. Since the
gas can flow through the discharge tube, the gas can eas-
ily take away excess heat and the laser can be cooled
very effectively; this allows the CO, laser to operate at
high average powers up to around 10 kW.

Applications

When it was first invented, the laser was called “a
solution looking for a problem” because few good appli-
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cations could be found for it. This is no longer the case,
and the laser has found its way into many uses in every
day life. The major application areas for the laser are in
communications, materials processing, optical data
storage, surgery, defense, and scientific research.

Communications (diode lasers)

A pulsed infrared laser beam traveling down a single
strand of optical fiber can carry thousands of times the
information which can be carried by an electrical signal
over copper wire. Not only can a single optical signal
travel more rapidly than an electrical signal, but optical
signals of different wavelengths, or colors, can travel
down a fiber simultaneously, and without interfering.
This technique is known as wavelength division multi-
plexing (WDM). Using WDM, the capacity of an optical
network can be increased by a factor number of wave-
lengths, or channels used—if two channels are used, the
network capacity doubles, without the need for an addi-
tional fiber; if four channels are used, the network capac-
ity quadruples. To offer a good analogy, a WDM network
is like a high-speed superhighway compared to the one-
lane country road that is copper wire.

Low-loss optical fiber is lighter, more compact, and
less expensive than the more traditional copper wire.
Transcontinental and transoceanic optical fiber systems
installed for telephone systems use directly modulated
diode lasers operating at 1550 nm to generate the sig-
nals. Because even optical fiber generates some loss, the
signals must be amplified periodically by repeaters,
which also use laser technology. In the repeaters, a piece
of optical fiber doped with erbium is pumped by a diode
laser to optically amplify the original signal, which is
launched back into the fiber link to continue its journey.

Materials processing (CO, and Nd:YAG)

Since a laser beam can be focused down to a very
small spot of light which can be absorbed very well at the
surface of a material (be it metal, plastic, textile, etc.), the
material can reach very high temperatures up to 9,032°F
(5,000°C) and melt or even vaporize. In factories, laser
systems are used to measure parts, inspect them for quali-
ty, and label, cut, weld, or resurface materials ranging
from plastic film to sheet steel a quarter of an inch thick.

Lasers form the basis of precision-measuring tools
called interferometers that can measure distances less
than 1/100th the thickness of a human hair, and are as
useful on construction sites as in laboratories. Such in-
struments can be scanned over objects to create images,
and are used on highways to identify vehicles automati-
cally, or on NASA spacecraft to map the surface of the
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Moon and asteroids. In semiconductor manufacturing,
ultraviolet lasers provide the exposure source for optical
lithography, a technique used to produce computer
chips with features as small as one hundred thousandth
of an inch (0.25 microns).

Optical data storage (laser diodes)

The fact that a laser beam can be focused down to a
very small spot has been used by the information indus-
try and implemented in the form of the compact disc.
The area needed to store a bit of information on a disc
surface is smaller when optical reading is used than
when magnetic reading is used. Much more information
can be stored on a compact disc (several gigabytes) than
on an equivalent magnetic disc (several hundred
megabytes). This represents a savings in space and cost,
which has opened up new markets for optical data stor-
age-music CDS, CD-ROM, and optical storage libraries
for large computer systems.

Surgery (Nd:YAG, CO,, holmium, erbium)

Lasers have a variety of applications in the field of
medicine. Using laser beams whose wavelength is ab-
sorbed strongly, surgeons can cut and remove tissue with
great precision by vaporizing it, with little damage to the
surrounding tissue. The systems are used in minimally-
invasive surgical techniques such as angioplasty (remov-
ing plaque from artery walls) and lithotripsy (the de-
struction of kidney stones in the bladder), in which a
hair-thin optical fiber feeds light into the body through a
tiny incision; the small opening required for the fiber re-
sults in reduced scarring and shorter healing times. In a
technique called photorefractive keratectomy, lasers are
routinely used to correct myopia and astigmatism. Other
medical applications include removal of birthmarks, tat-
toos, and small varicose veins from the skin; welding
tissue and sealing blood vessels during surgery; or resur-
facing skin to minimize wrinkles or sun damage.

Cutting-edge researchers are using visible and in-
frared lasers to increase bloodflow to oxygen-starved re-
gions of the heart, to visually detect cancer cells on the
skin’s surface, or to image through the skin to monitor
bloodflow or detect cancerous regions. In a technique
called photodynamic therapy, laser light activates a drug
that accumulates in certain types of tumors, causing the
drug to destroy the cancerous tissue. A sophisticated di-
agnostic technique called spectroscopy takes advantage
of the fact that cancerous tissue reflects light differently
than non-cancerous tissue, allowing doctors to identify
skin cancer and cervical cancer. A laser-based optical
mammography system is even under development.

See also Hologram and holography; Laser surgery.
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KEY TERMS
Absorption—The destruction of a photon when its
energy is used by an atom to jump from a lower
energy level to a higher level.

Coherent light—A light beam where the phase
difference between any two points on a line per-
pendicular to the direction of propagation is con-
stant with time.

Optical cavity—An optical structure formed by at
least two mirrors in which a light beam can be
made to circulate in such a way that it retraces the
same path every round trip.

Phase—The term phase is used when comparing
two or more optical waves. If the waves are at the
same point in their cycle at the same moment in
time, they are said to be “in phase.”

Photon—The particle associated with light. A
photon is emitted by an atom when the atom un-
dergoes a shift in internal energy from a high state
to a lower state: the excess energy is carried off by
the photon.

Stimulated emission—A process of emitting light
in which one photon stimulates the generation of
a second photon which is identical in all respects
to the first.
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Laser surgery

Laser (light amplification by stimulated emission of
radiation) surgery uses an intensely hot, precisely fo-
cused beam of light to remove or vaporize tissue and
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control bleeding in a wide variety of non-invasive and
minimally invasive procedures.

Laser surgery is used to:

* cut or destroy tissue that is abnormal or diseased with-
out harming healthy, normal tissue

« shrink or destroy tumors and lesions

« cauterize (seal) blood vessels to prevent excessive
bleeding

Precautions

Anyone who is thinking about having laser surgery
should ask his doctor to:

« explain why laser surgery is likely to be more benefi-
cial than traditional surgery

« describe his experience in performing the laser proce-
dure the patient is considering

Because some lasers can temporarily or permanent-
ly discolor the skin, a dark-skinned patient should make
sure that his surgeon has successfully performed laser
procedures on people of color.

Some types of laser surgery should not be per-
formed on pregnant women or on patients with severe
cardiopulmonary disease or other serious health prob-
lems.

Description

The first working laser was introduced in 1960. The
device was initially used to treat diseases and disorders
of the eye, whose transparent tissues gave ophthalmic
surgeons a clear view of how the narrow, concentrated
beam was being directed. Dermatologic surgeons also
helped pioneer laser surgery, and developed and im-
proved upon many early techniques and more refined
surgical procedures.

Types of lasers

The three types of lasers most often used in medical
treatment are the:

* Carbon dioxide (CO,) laser. Primarily a surgical tool,
this device converts light energy to heat strong enough
to minimize bleeding while it cuts through or vaporizes
tissue.

* Neodymium:yttrium-aluminum-garnet (Nd:YAG) laser.
Capable of penetrating tissue more deeply than other
lasers, the Nd: YAG makes blood clot quickly and can
enable surgeons to see and work on parts of the body
that could otherwise be reached only through open (in-
vasive) surgery.
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Laser surgery

* Argon laser. This laser provides the limited penetration
needed for eye surgery and superficial skin disorders.
In a special procedure known as photodynamic therapy
(PDT), this laser uses light-sensitive dyes to shrink or
dissolve tumors.

Laser applications

Sometimes described as “scalpels of light,” lasers
are used alone or with conventional surgical instruments
in a diverse array of procedures that:
 improve appearance
* relieve pain
« restore function
* save lives

Laser surgery is often standard operating procedure
for specialists in:

» cardiology
* dentistry
* dermatology

« gastroenterology (treatment of disorders of the stomach
and intestines)

* gynecology

* neurosurgery

* oncology (cancer treatment)

« ophthalmology (treatment of disorders of the eye)

« orthopedics (treatment of disorders of bones, joints,
muscles, ligaments, and tendons)

« otolaryngology (treatment of disorders of the ears,
nose, and throat)

* pulmonary care (treatment of disorders of the respira-
tory system

« urology (treatment of disorders of the urinary tract and
of the male reproductive system)

Routine uses of lasers include erasing birthmarks,
skin discoloration, and skin changes due to aging, and
removing benign, precancerous, or cancerous tissues or
tumors. Lasers are used to stop snoring, remove tonsils,
remove or transplant hair, and relieve pain and restore
function in patients who are too weak to undergo major
surgery.

Lasers are also used to treat:

» angina (chest pain)
* cancerous or non-cancerous tumors that cannot be re-
moved or destroyed

» cold and canker sores, gum disease, and tooth sensitivi-
ty or decay

» ectopic pregnancy (development of a fertilized egg out-
side the uterus)
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» endometriosis

« fibroid tumors

« gallstones

« glaucoma, mild-to-moderate nearsightedness and astig-
matism, and other conditions that impair sight

* migraine headaches

* non-cancerous enlargement of the prostate gland

* nosebleeds

* ovarian cysts

* ulcers

* varicose veins

* warts

« numerous other conditions, diseases, and disorders

Advantages of laser surgery

Often referred to as “bloodless surgery,” laser proce-
dures usually involve less bleeding than conventional
surgery. The heat generated by the laser keeps the surgi-
cal site free of germs and reduces the risk of infection.
Because a smaller incision is required, laser procedures
often take less time (and cost less money) than tradition-
al surgery. Sealing off blood vessels and nerves reduces
bleeding, swelling, scarring, pain, and the length of the
recovery period.

Disadvantages of laser surgery

Although many laser surgeries can be performed in
a doctor’s office rather than in a hospital, the person
guiding the laser must be at least as thoroughly trained
and highly skilled as someone performing the same pro-
cedure in a hospital setting.

The American Society for Laser Medicine and
Surgery, Inc. urges that:

* All operative areas should be equipped with oxygen
and other drugs and equipment required for cardiopul-
monary resuscitation (CPR).

» Non-physicians performing laser procedures should be
properly trained, licensed, and insured

* A qualified and experienced supervising physician
should be able to respond to and manage unanticipated
events or other emergencies within five minutes of the
time they occur.

» Emergency transportation to a hospital or other acute-
care facility should be available whenever laser surgery
is performed in a non-hospital setting.

Imprecisely aimed lasers can burn or destroy healthy
tissue.
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Lasers being used to perfom cosmetic surgery. Photograph by Will & Deni Mclintyre. National Audubon Society Collection/Photo
Researchers, Inc. Reproduced by permission.

Preparation

Because laser surgery is used to treat so many dis-
similar conditions, the patient should ask his physician
for detailed instructions about how to prepare for a spe-
cific procedure. Diet, activities, and medications may not
have to be limited prior to surgery, but some procedures
require a physical examination and a medical history that:

e determines the patient’s general health and current
medical status

« describes how the patient has responded to other ill-
nesses, hospital stays, and diagnostic or therapeutic
procedures

» clarifies what the patient expects the outcome of the
procedure to be

Aftercare

Most laser surgeries can be performed on an outpa-
tient basis, and patients are usually permitted to leave the
hospital or medical office when their vital signs have sta-
bilized. A patient who has been sedated should not be
discharged:

GALE ENCYCLOPEDIA OF SCIENCE 3

« until he has recovered from the anesthesia and knows
who and where he is

« unless he is accompanied by a responsible adult

The doctor may prescribe analgesic (pain-relieving)
medication, and should provide easy-to-understand writ-
ten instructions that describe how the patient’s recovery
should progress and what to do in case complications or
emergency arise.

Risks
Like traditional surgery, laser surgery can be com-
plicated by:
» hemorrhage
« infection
» perforation (piercing) of an organ or tissue

Laser surgery can also involve risks that are not as-
sociated with traditional surgical procedures. Being care-
less or not practicing safe surgical techniques can severe-
ly burn the patient’s lungs or even cause them to ex-
plode. Patients must wear protective eye shields while
undergoing laser surgery on any part of the face near the
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KEY TERMS

Argon—A colorless, odorless gas.

Astigmatism—Irregular curvature of the cornea
causing distorted images.

Canker sore—A blister-like sore on the inside of
the mouth that can be painful but is not serious.

Carbon dioxide—A heavy, colorless gas that dis-
solves in water.

Cardiopulmonary resuscitation—An emergency
procedure used to restore circulation and prevent
brain death to a person who has collapsed, is un-
conscious, is not breathing, and has no pulse.

Cauterize—To use heat or chemicals to stop bleed-
ing, prevent the spread of infection, or destroy tissue.

Cornea—The outer, transparent lens that covers
the pupil of the eye and admits light.

Endometriosis—An often painful gynecologic con-
dition in which endometrial tissue migrates from
the inside of the uterus to other organs inside and
beyond the abdominal cavity.

eyes or eyelids, and the United States Food and Drug
Administration (FDA) has said that both doctors and pa-
tients must use special protective eyewear whenever a
CO2 laser is used.

Laser beams can burn or destroy healthy tissue,
cause injuries that are painful and sometimes permanent,
and actually compound problems they are supposed to
solve. Errors or inaccuracies in laser surgery can worsen
a patient’s vision, for example, and lasers can scar and
even change the skin color of some patients.

Normal results

The nature and severity of the problem, the skill of
the surgeon performing the procedure, and the patient’s
general health and realistic expectations are among the
factors that influence the outcome of laser surgery. Suc-
cessful procedures can enable patients to:

« feel better
* look younger
« enjoy longer, fuller, more active lives

A patient who is considering any kind of laser
surgery should ask his doctor to provide detailed infor-
mation about what the outcome of the surgery is expect-
ed to be, what the recovery process will involve, and how

long it will probably be before he regains a normal ap-
pearance and can resume his normal activities.
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Glaucoma—A disease of the eye in which in-
creased pressure within the eyeball can cause
gradual loss of vision.

Invasive surgery—A form of surgery that involves
making an incision in the patient’s body and insert-
ing instruments or other medical devices into it.

Nearsightedness—A condition in which one or
both eyes cannot focus normally, causing objects
at a distance to appear blurred and indistinct. Also
called myopia.

Ovarian cyst—A benign or malignant growth on
an ovary. An ovarian cyst can disappear without
treatment or become extremely painful and have
to be surgically removed.

Vaporize—To dissolve solid material or convert it
into smoke or gas.

Varicose veins—Swollen, twisted veins, usually
occurring in the legs, that occur more often in
women than in men.

Abnormal results

A person who is considering any type of laser
surgery should ask his doctor to provide specific and de-
tailed information about what could go wrong during the
procedure and what the negative impact on the patient’s
health or appearance might be.

Lighter or darker skin may appear, for example, when
a laser is used to remove sun damage or age spots from an
olive-skinned or dark-skinned individual. This abnormal
pigmentation may or may not disappear in time.

Scarring or rupturing of the cornea is uncommon,
but laser surgery on one or both eyes can:
* increase sensitivity to light or glare
« reduce night vision
« permanently cloud vision, or cause sharpness of vision
to decline throughout the day
Signs of infection following laser surgery include:
* burning
« crusting of the skin
* itching
* pain
* scarring
» severe redness

« swelling
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Lathe see Machine tools

Latitude and longitude

The concepts of latitude and longitude create a grid
system for the unique expression of any location on
Earth’s surface.

Latitudes—also known as parallels—mark and mea-
sure distance north or south from the equator. Earth’s
equator (the great circle or middle circumference) is des-
ignated 0° latitude. The north and south geographic
poles, respectively, measure 90° north (N) and 90° south
(S) from the equator. The angle of latitude is determined
as the angle between a transverse plane cutting through
Earth’s equator and the right angle (90°) of the polar
axis. The distance between lines of latitude remains con-
stant. One degree of latitude equals 60 nautical miles
(approximately 69 statute miles, or 111 km).

GALE ENCYCLOPEDIA OF SCIENCE 3

Longitudes, also known as meridians, are great cir-
cles that run north and south, and converge at the north
and south geographic poles. As the designation of 0° lon-
gitude is arbitrary, international convention, long held
since the days of British sea superiority, establishes the 0°
line of longitude—also known as the Prime Meridian—as
the great circle that passes through the Royal National
Observatory in Greenwich, England (United Kingdom).
The linear distance between lines of longitude vary and is
a function of latitude. The liner distance between lines of
longitude is at its maximum at the equator and decreases
to zero at the poles. There are 360° of longitude, divided
into 180° east and 180° west of the prime meridian. The
line of longitude measuring 180° west is, of course, the
same line of longitude measuring 180° east of the prime
meridian and, except for some geopolitical local varia-
tions, serves as the international date line. Because Earth
completes one rotation in slightly less than 24 hours, the
angular velocity of rotation is approximately 15° of lon-
gitude per hour. This rate of rotation forms the basis for
time zone differentiation.

The distance between lines of longitude varies in
length at different latitudes, the distance lessening as lat-
itude increases. At the equator, 69.171 statute miles sep-
arate lines of longitude, but by 30° latitude, there are
only 59.956 statute miles between lines of longitude. At
60° latitude, only 34.697 statute miles separate longitu-
dinal great circles at that latitude. At the poles, all lines
of longitude converge.

Every point on Earth can be expressed with a unique
set of latitude and longitude coordinates (i.e., lat/lon co-
ordinates). Latitude—specified as degrees north (N) or
south (S)—and longitude—specified as degrees east (E)
or west (W)—are expressed in degrees, arcminutes, and
arcseconds (e.g., a lat/lon of 39:46:05N, 104:52:22W
specifies a point in Denver, Colorado).

Lines of latitude and longitude are usually displayed
on maps. Although a variety of maps exist, because maps
of Earth are two-dimensional representations of a curved
three-dimensional oblate spherical surface, all maps dis-
tort lines of latitude and longitude. For example, with
equatorial cylindrical projections (e.g., a Mercator projec-
tion), low latitude regions carry little distortion. Higher
latitudes suffer extreme distortion of distance because of
erroneously converging lines of latitude (on the surface of
the earth they are parallel). Despite this disadvantage,
Mercator projections remain useful in navigation because
there is no distortion of direction and vertical lines drawn
upon such a map indicate true north or south.

Many maps include inserts showing polar conic pro-
jections to minimize the distortion of latitude near the
poles.
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Laurel family (Lauraceae)

Earth's Geometric Coordinates

Every point x is described by (lat, lon)
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The geometric basis of latitude and longitude coordinates are depicted relative to Earth’s geometric poles. The angle of the
current north star (Polaris) to the horizon varies directly with latitude. lllustration by K. Lee Lerner with Argosy. The Gale Group.

Although it is relatively easy to ascertain latitude—
especially in the northern hemisphere where the altitude
of the North Star (Polaris) above the horizon gives a
fairly accurate estimate of latitude—the accurate deter-
mination of longitude proved to be one of great post-en-
lightenment scientific challenges. The inability to accu-
rately estimate longitude often proved fatal or costly in
sea navigation. It was not until the eighteenth century,
when British clockmaker John Harrison developed a
chronometer that could accurately keep time onboard
ship, that the problem of longitude was solved. An accu-
rate clock allows navigators to compare, for example, the
time of observed high noon and compare the local time
to the time at Royal National Observatory in Greenwich,
England (Greenwich Mean Time or GMT). Knowing
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that Earth rotates at approximately 15° per hour, the time
difference between local noon and GMT local noon is
directly related to the degrees of longitude between the
prime meridian and the observer’s location.

See also Analemma; Astronomy; Cartography; Geo-
graphic and magnetic poles; Global Positioning System.

Laurel family (Lauraceae)

The laurels are a family of flowering plants known to
botanists as the Lauraceae. Lauraceae contains about 45
genera and 2,000 species, and is the most diverse family in
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the order Laurales. Most species grow in the tropical
forests of Southeast Asia and Central and South America.

The best known species is Laurus nobilis, a
Mediterranean shrub used by the ancient Greeks to deco-
rate the head of victors in the Pythian games, which led
to modern phrases such as “poet laureate” and “Nobel
laureate.” Additional well-known species include avoca-
do, California laurel, sassafras, and cinnamon tree.
American gardeners often refer to Kalmia latifolia as
“mountain laurel,” and to Rhododendron maximum as
“great laurel,” despite the fact that both of these shrubs
are in the Ericaceae family, and are unrelated to the
“true” laurels of the Lauraceae.

Characteristics of the Lauraceae

The flowers of most species in this family are small,
yellow, and aromatic. Some species have bisexual flow-
ers containing both male and female organs. Some
species have unisexual flowers, with each flower having
either male organs or female organs. Some species are
polygamous, in that individuals have some flowers
which are bisexual, and others that are unisexual.

The flowers of most species have six sepals,
arranged in two cycles. Sepals are the outermost whorl
of a flower, typically leaf-like in appearance. The sta-
mens, or male organs, of laurel flowers occur in three or
four cycles, with three stamens in each. The flowers usu-
ally have a single pistil, or female organ, which contains
a single ovule that develops into a seed after fertiliza-
tion. The fruit of most species is aromatic, and is classi-
fied as a drupe, in that is has a fleshy outer layer and a
hard inner layer with a single seed.

The leaves, stems, and roots of most species in the
laurel family are aromatic. The leaves are typically alter-
nate, rather than opposite, to one another on the stem.
The leaves are simple in that they consist of a single
blade. The California laurel (Umbellularia californica)
and most tropical species in the Lauraceae have persis-
tent leaves, which remain attached to the plant after they
are no longer functional. Other species such as sassafras
(Sassafras albidum) and spice bush (Lindera benzoin)
have seasonally deciduous leaves, which fall off in the
autumn, after they become nonfunctional.

Important species

The avocado (Persea americana), also known as the
alligator pear, is one of the best known and most eco-
nomically important species of the laurel family. Avoca-
do is native to tropical regions of the Caribbean, Mexico,
and South America. Many different races and varieties
are cultivated in southern France, South Africa, Mexico,
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California, and Florida for their green edible fruits,
which are eaten raw or used to make guacamole, a staple
of Mexican cuisine.

The avocado fruit can be green or brown in color,
depending on the variety, and is rich in oil. The avocado
fruit is a drupe with a single large seed in the center. The
early Spanish explorers, who observed cultivation of av-
ocados by the Aztecs, thought that the fruit resembled a
testicle, and that a man could increase his sexual potency
by eating avocados. This belief was based on the “doc-
trine of signatures,” which holds that a plant part that re-
sembles a bodily organ would affect the function of that
organ. We now know that the doctrine of signatures has
no scientific basis.

The California laurel (Umbellularia californica) is
a woody plant which grows from southern California to
southern Oregon, and is the only species of this family
native to the western United States. It has evergreen,
aromatic, elliptical leaves. Under optimal conditions, it
grows as a tree and reaches 150 ft (46 m) or so in
height, and is shrub-like in appearance. The wood of
the California laurel is fine textured, and is sometimes
used to manufacture veneer, furniture, and wooden
novelties.

There are three species in the genus Sassafras. One
is from Taiwan, another from China, and one (Sassafras
albidum) is a tree native to the eastern United States.
Foresters classify the American sassafras as intolerant
because it does not grow well under a closed forest
canopy. Indeed, the American sassafras commonly
grows in open fields and at the edge of forests. Its leaves
are variable in shape, and can be elliptical, two-lobed, or
three-lobed. The leaves turn characteristic red in the au-
tumn. Leaves, roots, and twigs are all highly aromatic.
Some biologists have suggested that the leaves of Sas-
safras are allelopathic, in that they chemically inhibit the
growth of nearby plants, thus reducing competition.
Sassafras tea is made by removing and boiling the bark
from the roots. Sassafras oil is used in the manufacture
of certain aromatic bath oils.

All species in the Cinnamon genus are aromatic, and
most are native to Southeast Asia. Cinnamon is a well-
known spice which comes from Cinnamonum zeylan-
icum, a tree native to Sri Lanka but now cultivated
throughout Asia, the Caribbean, and South America.
Commercial cinnamon comes from the bark of young
twigs, which is stripped off, dried in the sun, and later
powdered or used whole.

Another species in this genus, Cinnamon camphora,
is the source of camphor. This tree is native to Southeast
Asia. Camphor is an aromatic compound derived from
the bark and wood of the camphor tree and is used as a
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Laws of motion

KEY TERMS

Bisexual—Flowers that have functional male and
female organs.

Drupe—A fruit which has a fleshy outer layer, and
a hard inner layer which encloses a single seed. A
cherry is a typical example.

Pistil—Female reproductive organ of a flower,
which contains ovules that develop into seeds
after fertilization by pollen.

Polygamous—Plants that have some unisexual
and some bisexual flowers.

Sepal—External whorl of a flower which is typi-
cally leaflike and green.

Stamen—Male reproductive organ of a flower that
produces pollen.

Unisexual—Flowers that bear either male or fe-
male reproductive organs.

medicine to relieve gas pains in the digestive tract, in
ointments, and as an insect repellent.

Resources

Books

The American Horticultural Society. The American Horticul-
tural Society Encyclopedia of Plants and Flowers. New
York: DK Publishing, 2002.

Audubon Society and staff. Familiar Trees of North America:
Eastern Region. New York: Knopf, 1987.

Heywood, V.H. Flowering Plants of the World. Oxford: Oxford
University Press, 1993.

Peter A. Ensminger

Lava see Magma
Lawrencium see Element, transuranium

Laws of motion

What makes a bird fly? A person run? A judo expert
flip a heavier opponent? Earth orbit the Sun? These
and any other motions are governed by three deceptively
simple laws first stated by Isaac Newton in the seven-
teenth century. These three laws of motion when cou-
pled with Newton’s law of gravity form the basis for ex-
plaining both the motions we see on theearth and the
motions of the heavenly bodies.
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History

In the sixteenth century, Copernicus suggested that
Earth and other planets orbited the Sun, but his model
contained no physics. It did not say why the planets
should orbit the Sun. Galileo was censured by the
Catholic Church and forced to recant his belief in the
Copernican model. He then realized that to ultimately
win the Copernican model needed a physical basis.
Galileo therefore started to quietly develop the new
physics needed to explain planetary motions. Isaac New-
ton, who was born the year Galileo died, built on the
foundation laid by Galileo. The resulting edifice, New-
ton’s laws, was a grand synthesis that for the first time
explained motions both on Earth and in the heavens with
a unified set of laws.

Newton’s three laws

Slide a block of wood across a level uncarpeted
floor and notice its behavior. The block continues to
move as long as you apply a force. When the force
stops, the block stops moving. The block will continue
to slide for a while after you stop applying a force. Your
pushing is not the only force acting on the block. There
is also a frictional force opposing the motion. The
block sliding across the floor stops because this fric-
tional force acts on it. The block on an icy surface takes
longer to stop because there is less frictional force. If
you could slide the block across a surface with ab-
solutely no friction, it would never stop. The block
would keep moving until some outside force, such as
the wall of the room, stopped it. A block on a level sur-
face, without application of forces will not move unless
something applies an outside force; it will remain there
at rest forever.

The first of Newton’s laws states an object will con-
tinue its motion at a constant velocity until an outside
force acts on it. The block has a tendency to continue in
its state of motion, whatever that state might be, until
some force changes that state of motion. This tendency
to continue in a state of motion is called the object’s in-
ertia. An object at rest simply has a constant velocity of
zero, so it needs an outside force to start moving. The
physicist’s definition of velocity includes both speed and
direction, so any deviation from straight line motion is a
change in velocity and will require an outside force. The
inertia of any object will cause it to continue to move at a
constant (in a straight line) velocity (or stay at rest) until
an outside force acts on it.

A block will slide more easily than, for instance, a
refrigerator because it has less mass. Newton’s first law
says that a force is needed to change the velocity of an
object; the second law tells us how much force. Any
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KEY TERMS
Acceleration—The rate at which the velocity of an
object changes over time.

Force—Influence exerted on an object by an out-
side agent which produces an acceleration chang-
ing the object’s state of motion.

Inertia—The tendency of an object in motion to
remain in motion, and the tendency of an object
at rest to remain at rest.

Mass—A measure of the amount of matter in kilo-
grams. Related both to the resistance to the
change in motion and to the amount of gravita-
tional force.

Velocity—The speed and direction of a moving
object.

change in velocity (speed up, slow down, or change di-
rection) is an acceleration. For the common case where
the mass does not change, Newton’s second law states
that the force required is equal to the accelerated mass
times the acceleration (Force = Mass X Acceleration).
It’s harder to slide the refrigerator than the block across
the floor because the greater mass requires a greater
force to accelerate it from rest. A force in the same direc-
tion as the velocity increases the velocity; in the opposite
direction, decreases it. A force perpendicular to the ve-
locity changes the direction of motion. Occasionally the
accelerated mass changes. In this case, the force is equal
to the rate at which the momentum changes with time.

Newton’s third law states that for every action there
is an equal and opposite reaction. The action and reac-
tion are equal and opposite forces forming an action re-
action pair. If you are sitting in a chair, Earth’s gravity
pulls you down. The reaction is that you pull Earth up
with exactly the same amount of force. The action reac-
tion pair is: you on Earth, Earth on you. The reaction is
NOT as is often thought the floor or chair holding you
up. Not all equal and opposite forces form an action re-
action pair.

Newton’s three laws of motion revolutionized
physics. For the first time the same simple set of laws ex-
plained a wide variety of apparently unrelated types of
motion both on Earth and in the heavens. Not until the
twentieth century were these laws surpassed by quan-
tum mechanics and relativity for the special cases of
subatomic particles, motion near the speed of light and
strong gravitational fields.

See also Gravity and gravitation; Relativity, general.
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LCD

LCD is short for liquid crystal display. LCDs are
devices that use liquid crystals to create images. Liquid
crystal images are being used in watch faces, laptop
computer screens, camcorder viewers, virtual reality
helmet displays, and television screens.

The two main LCDs are passive and active. In pas-
sive LCDs, once the image has been made, it cannot be
changed. In active LCDs, the image can be manipulated
even over short periods of time by using electricity.
Most LCDs are of the active type.

The most common way to build an active LCD is by
sandwiching liquid crystals between two clear plate elec-
trodes. Electrodes are able to conduct electrical current.
When electrical current is applied to the electrodes, the
liquid crystal molecules change orientation. The orienta-
tion of liquid crystal molecules controls the amount,
color and direction of vibration of the light that passes
through them. As the electrical current is turned on and
off, the liquid crystal alternates between being transpar-
ent (able to see through) and opaque (scatters so much
light that you cannot see through).

The most popular version of this liquid crystal
sandwich is the twisted nematic, or TN, cell. In the TN
cell, the liquid crystal is placed between the electrodes.
Then one of the electrodes is twisted in-plane by 90 de-
grees. The electrode sandwich is then placed between
polarizers. These polarizers control which direction of
light vibration can pass through the whole system. In a
TN cell, the polarizers are arranged so that light that
can get though the first one is vibrating in the wrong di-
rection to get through the second one unless the liquid
crystal helps it. When the electrical current is off, light
is vibrating in the same direction as the liquid crystals
are lying. The twisted liquid crystal guides the light, ro-
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Leaching
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The passage of light through a twisted nematic (TN) cell type of liquid crystal display (LCD) when the current to the elec-
trodes is off (top) and when it is on (bottom). Liquid crystal display, illustration by Hans & Cassidy. Courtesy of Gale Research.

tating it by 90 degrees, until it reaches the next polariz-
er and can pass though. When the electrical current is
turned on, the liquid crystal molecules are reoriented.
The light is not guided through from one polarizer to
the next. You see a dark spot where this happens. If
these sandwiches are made very small and are individu-
ally controlled, each sandwich becomes a picture ele-
ment or pixel. This is a common way to build LCD
watch faces. The dark digits are made up of pixels
where the electrical current supplied by the watch bat-
tery is preventing the liquid crystal molecules from
guiding light to your eye.

The pixels can be made extremely small. If there are
many of them, small enough so that your eye can not tell
them apart, your eye then blends all the pixels into an
image. An LCD television may have more than 300,000
pixels in a picture. The more pixels, the more detailed
the image can be.
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Although liquid crystals may be used in their pure
form, current research is focused on mixing liquid crystals
with other materials such as polymers. This allows the lig-
uid crystal to be dispersed as droplets. Because the droplets
are small, they require less energy to re-orient. They are
also very efficient at scattering light which can make dis-
plays brighter and useful over wider viewing angles.

See also LED.

Le Chatelier’s principle see Equilibrium,
chemical

Leaching

Leaching usually refers to the movement of dis-
solved substances with water percolating through soil.
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Sometimes, leaching may also refer to the movement of
soluble chemicals out of biological tissues, as when rain-
fall causes potassium and other ions to be lost by foliage.

Leaching occurs naturally in all soils, as long as the
rate of water input through precipitation is greater than
water losses by evapotranspiration. In such cases,
water must leave the site by downward movement, ulti-
mately being deposited to deep groundwater, or emerg-
ing through springs to flow into surface waters such as
streams, rivers, and lakes. As the subterranean water
moves in response to gradients of gravitational potential,
it carries dissolved substances of many kinds.

Leaching is a highly influential soil-forming process.
In places where the climate is relatively cool and wet,
and the vegetation is dominated by conifers and heaths,
the soil-forming process known as podsolization is im-
portant. In large part, podsolization occurs through the
dissolving of iron, aluminum, calcium, organic matter,
and other chemicals from surface soils, and the down-
ward leaching of these substances to lower soil depths,
where they are deposited. Some solubilized materials
may also be altogether lost from the soil, ending up in
deep groundwater or in surface water. A different soil-
forming process known as laterization occurs under the
warm and humid climatic conditions of many tropical
rainforests, where aluminum and iron remain in place in
the surface soil, while silicate is dissolved and leached
downward.

The ability of water to solubilize particular sub-
stances is influenced to a substantial degree by the chem-
ical nature of the solution. For example, highly acidic
solutions have a relatively great ability to dissolve many
compounds, especially those of metals. Aluminum (Al),
for instance, is an abundant metallic constituent of soils,
typically present in concentrations of 7-10%, but occur-
ring as aluminum compounds that are highly insoluble,
so they cannot leach with percolating water. However,
under highly acidic conditions some of the aluminum is
solubilized as positively charged ions (or cations), partic-
ularly as AlI** and AIOH?*. These soluble ions of alu-
minum are highly toxic to terrestrial plants and animals,
and if they are leached to surface waters in large quanti-
ties they can also cause biological damage there. Alu-
minum ions are also solubilized from soils by highly al-
kaline solutions, in which they occur mostly as the anion
Al(OH) . A large salt concentration in soil, character-
ized by an abundance of dissolved ions, causes some
ions to become more soluble through an osmotic extrac-
tion, also pre-disposing them more readily to leaching.

Soils can become acidified by various human activi-
ties, including emissions of air pollutants that cause
acidic precipitation, certain types of agricultural fertil-
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ization, harvesting of biomass, and the mining of coal
and sulfide minerals. Acidification by all of these activi-
ties causes toxicity of soil and surface waters through the
solubilization of aluminum and other metals, while also
degrading the fertility and acid-neutralization capacity of
soil by causing the leaching of basic cations, especially
calcium, magnesium, and potassium.

Another environmental problem associated with
leaching concerns terrestrial ecosystems that are losing
large quantities of dissolved nitrogen, as highly soluble
nitrate. Soils have little capability to bind nitrate, so this
anion leaches easily whenever it is present in soil water
in a large concentration. This condition often occurs
when disturbance, fertilization, or atmospheric deposi-
tions of nitrate and/or ammonium result in an availability
of nitrate that is greater than the biological demand by
plants and microorganisms, so this chemical can leach
at relatively high rates. Terrestrial ecosystems of this
character are said to be “nitrogen-saturated.” Some neg-
ative environmental effects are potentially associated
with severe nitrogen saturation, including an increased
acidification and toxicity of soil and water through
leaching of aluminum and basic cations (these positively
charged ions move in companion with the negatively
charged nitrate), nutrient loading to aquatic systems, po-
tentially contributing to increased productivity there, and
possibly pre-disposing trees to suffer decline and die
back. If the nitrogen saturation is not excessive, however,
the growth of trees and other vegetation may be im-
proved by the relatively fertile conditions.

See also Hydrology; Landfill.

Bill Freedman

Lead

A metallic element with atomic number 82. Sym-
bol Pb, atomic weight 207.19, specific gravity 11.35,
melting point 621.32°F (327.4°C), boiling point
3,191°F (1,755°C).

Lead is in column IVA of the periodic table. It has
four naturally occurring stable isotopes, lead-204, lead-
206, lead-207, and lead-208. The last three of these are
all end products of one or another radioactive family.

Lead is one of the first elements known to human
societies. It is described in some of the oldest books of
the Old Testament and was widely used by some early
civilizations. Examples of objects containing lead from
fifth millennium Egyptian cultures have been found. The
Greeks and Romans also used lead for the manufacture
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of a variety of tools and containers. Some experts claim
that one reason for the decline of the Roman civilization
was the extensive use of lead in the empire’s water sup-
ply system. Lead is now known to have a variety of seri-
ous effects on the human nervous system, including di-
minished mental capacity.

Lead was originally known by its Latin name of
plumbum, from which its modern chemical symbol (Pb)
is derived. The Latin name is still preserved also in the
common names for lead compounds, as in plumbic and
plumbous chlorides.

General properties

Lead is a heavy, ductile, soft, grayish solid. It can be
cast and fabricated easily and has the unusual ability to
absorb sound and other forms of vibration. Although it is
dissolved by dilute nitric acid, it tends to be resistant to
other forms of acid solutions.

By far the most important use of lead is in storage
batteries, with the production of antiknock gasolines,
pigments, ammunition, solder, and plumbing materials
following. In the last half century, evidence about the
toxic effects of lead has accumulated to the point where
its presence in the environment is considered to be a seri-
ous hazard for humans, especially for young children.

Where it comes from

Lead is thought to be the thirty-sixth most abundant
element in Earth’s crust, with a concentration of about 13
parts per million. This makes the element more common
than other heavy metals such as thallium or uranium, but
much less abundant than less well known elements such
as niobium, neodymium, lanthanum, and gallium.

The most important ore of lead is galena, lead sul-
fide (PbS). Anglesite (lead sulfate; PbSO,) and cerussite
(PbCO;) are also economically important. Both are
formed by the weathering of galena.

Over half of the lead produced in the world comes
from just four regions and nations: the United States,
Russia, other members of the former Soviet Union, Aus-
tralia, and Canada. In the United States, about 90% of all
lead comes from seven mines in Missouri, with the rest
originating from mines in Colorado, Idaho, and Utah.

How the metal is obtained

The raw material from which lead metal is pro-
duced is either a naturally occurring ore or, more com-
monly today, lead products returned for recycling. In the
United States, more than half of all lead produced comes
from recycled materials, especially recycled storage bat-
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teries. After initial treatment, the major steps by which
lead is obtained from either ore or recycled material are
very similar.

In the case of a naturally occurring ore of lead, the
first step is usually to concentrate the ore and separate it
from other metallic ores. This step often involves the
froth flotation process in which the mixture of ores is
finely ground and then added to a water mixture that
contains one or more other materials, such as hydrocar-
bons, sodium cyanide, copper sulfate, or pine oil. Air is
then pumped through the ore/water/secondary material
mixture, producing a frothy mixture containing many
small bubbles.

The added material causes secondary ores such as
ores of copper or zinc either to adhere or not adhere to
the bubbles in the froth, allowing their separation from
lead ores which respond in the opposite manner to the
secondary material. The use of copper sulfate in the
flotation process, for example, aids in the separation of
zinc ores from lead ores.

After separation, lead sulfide is heated in a limited
supply of air to convert it to lead oxide. The lead oxide is
then mixed with coke (carbon) and a flux such as lime-
stone in a blast furnace. Within the blastfurnace, coke
burns to form carbon monoxide which, in turn, reacts
with lead oxide to form metallic lead and carbon dioxide.

In a variation of this procedure, the lead oxide can
be mixed with lead sulfide and heated. The reaction that
takes place results in the formation of lead metal and
sulfur dioxide gas.

The lead produced by either of these methods is still
impure, containing small amounts of copper, tin, arsenic,
antimony, and other metals. Each metallic impurity is
then removed by some additional step. In the case of
copper, for example, the impure lead is heated to a tem-
perature just above its melting point. At this tempera-
ture, copper is still a solid. Any copper mixed with the
lead floats on top of the lead, and can be scraped off.

How we use it

Metallic lead is sometimes used in a pure or nearly
pure form, usually because of its high density and ability
to be bent and shaped. The metal is an efficient absorber
of radiation and, for that reason, is commonly used as a
shield for x rays, nuclear radiation, and other forms of
radiation.

Far more commonly, however, lead is alloyed with
one or more other elements to produce a product with
special properties of interest for some specific applica-
tion. More than half of all the lead used in the United
States, for example, goes to the production of lead stor-
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age batteries. The positive plates, made of lead(IV)
oxide, and the negative plates, made of spongy lead, are
both made from an alloy containing 91% lead and 9%
antimony. Over 80% of this lead is now recovered and
recycled as a source of lead metal.

At one time, very large amounts of lead were used in
the production of tetraethyl lead, a compound that re-
duces the amount of knocking in an internal combustion
engine. The problem with tetraethyl lead, however, is that
it tends to break down within an engine, releasing free
lead to the environment. Because of the health hazards
that lead poses for humans and other animals, tetraethyl
lead has been banned for use as a gasoline additive.

Because of its chemical inertness, lead has also been
popular as a covering for underground cables, such as
buried cables that carry telephone messages, and for
pipes through which liquids are transported. For many
years, lead was the material of choice in the construction
of water pipes since it was inert to most chemicals occur-
ring in nature and easily shaped. With the recognition of
lead’s threat to humans, however, many of these applica-
tions have been discontinued.

Alloys of lead are also popular for the manufacture
of solders. Ordinary plumber’s solder, for example, con-
tains about two parts of lead to one part of tin. This alloy
has a melting point of about 527°F (275°C).

Lead compounds were once widely used also for
paints. They were in great demand because they covered
surfaces well and were available in a number of vivid
colors. Among these were lead chromate (yellow), lead
molybdate (reddish-orange), lead(Il) oxide (canary yel-
low), red lead oxide (Pb;O,; red), and white lead, a com-
plex lead carbonate/lead hydroxide mixture. As with
other lead compounds, however, the potential health haz-
ards of the element have greatly reduced the availability
of lead-based paints.

Chemistry and compounds

Lead is a reactive metal, but its reactivity is some-
what inhibited by the formation of an outer skin of pro-
tective compounds. For example, when a freshly cut
piece of lead metal is exposed to the air, it quickly reacts
with oxygen to form a thin outer layer of lead oxide.
This outer layer then prevents further reaction between
the metal and oxygen and other constituents of the air. A
similar phenomenon occurs when lead metal is placed
into water. Compounds present in water react with lead
to form an outer skin of lead carbonate, lead silicate, or
similar compounds that protect the metal from further at-
tack. This property helps to explain the long popularity
of lead for the lining of pipes designed to carry many
different kinds of liquids.
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From its position in a table of electrode potentials,
one would expect lead to replace hydrogen from acids.
But the difference in electrode potentials between the
two elements is so small (0.126 volts), that lead reacts
with most acids only very slowly indeed. The element
does tend to react with oxygen-containing acids more
readily, but only because of oxidation that may take
place at the same time.

One application that takes advantage of this proper-
ty is the use of lead to line containers that hold concen-
trated sulfuric acid. As long as those containers are kept
at temperatures below 140°F (60°C), there is essentially
no reaction between the acid and metal lining.

When lead does take part in a chemical reaction, it
demonstrates one of two oxidation states, 4+ and 2+.
Compounds of the former class are known as lead(IV) or
plumbic compounds, while those of the latter class are
lead(IT) or plumbous compounds. Like aluminum, lead is
amphoteric and will react with strong bases. The products
of such reactions are known as plumbates and plumbites.

Biological effects

Throughout most of human history, lead was used
for a wide variety of applications with little or no appre-
ciation of the serious health hazards it poses. Today,
physiologists understand that the human body is able to
excrete about 2 milligrams of lead efficiently each day,
but that quantities in excess of that can cause serious
health problems.

Children are especially at risk for lead poisoning.
Their bodies do not metabolize lead as quickly as do
those of adults, so a given concentration of lead in the
blood will have more serious consequences for a child
than for an adult.

At relatively low concentrations, lead produces rela-
tively modest or short-term effects, including elevation
of blood pressure, reduction in the synthesis of hemo-
globin, and decreased ability to utilize vitamin D and
calcium. With increased blood concentrations of lead,
however, these problems become more severe. Impair-
ment of the central nervous system can occur, with de-
creased mental functioning and hearing damage as two
possible results. At very high lead concentrations, a per-
son can fall into a coma and, eventually, die.

With the recognition of these problems, governmen-
tal agencies have continually restricted the number of ap-
plications in which lead can be used. Unfortunately, its
widespread use in previous years means that many chil-
dren (especially) and adults are still at risk for lead poi-
soning. As an example, children not uncommonly pick
off and then eat chips of paint from the walls of old
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KEY TERMS
Ductile—Capable of being drawn or stretched
into a thin wire.

Flux—In the conversion of ores to metals, a sub-
stance used to remove impurities from a blast fur-
nace or other kind of processing system.

Froth flotation—A system for separating a desired
ore from other kinds of ores by pumping air
through a mixture of water and one or more other
substances.

Hemoglobin—An iron-containing, protein com-
plex carried in red blood cells that binds oxygen
for transport to other areas of the body.

Isotopes—Two molecules in which the number of
atoms and the types of atoms are identical, but
their arrangement in space is different, resulting in
different chemical and physical properties.

buildings. Since many of these paints were made with
compounds of lead, those children are then exposed to
the harmful effects of the element.

See also Element, chemical; Metallurgy.
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Leaf

A leaf is a plant organ which is an outgrowth of the
stem, and has three main parts: the blade, a flattened ter-
minal portion; the petiole, a basal stalk which connects
the blade to the stem; and the stipules, small appendages
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at the base of the petiole. However, the leaves of many
species lack one or more of these three parts.

Leaves function in photosynthesis, or the biologi-
cal conversion of light energy into chemical energy; in
transpiration, or the transport of water from the plant
by evaporation; and in cellular respiration, the oxida-
tion of foods, and consequent synthesis of high- energy
molecules.

There is great variety of leaf size and shape among
different species of plants. Duckweeds are tiny aquatic
plants with leaves that are less than 1 millimeter in diam-
eter, the smallest of any species of vascular plant. Cer-
tain species of palm tees have the largest known leaves,
more than 60 ft (18 m) in length.

Morphology

All leaves can be classified as simple or compound. A
simple leaf has a single blade, whereas a compound leaf
consists of two or more separate blades, each of which is
termed as leaflet. Compound leaves may be palmately
compound, in which the separate leaflets originate from
one point on the petiole, or pinnately compound, in which
the leaflets originate from different points along a central
stalk which extends from the petiole.

Blade

The size and shape of the blade are often character-
istic of a species, and are useful in species identification.
However, the leaf blades of some species, such as those
of oaks (Quercus), exhibit great variation in size and
shape, sometimes even when on the same tree. Botanists
use a large vocabulary of specialized terms to describe
the leaf outline, margin, apex, base, and vestiture (sur-
face covering). For example, Pine (Pinus) leaves are con-
sidered acicular, meaning they are shaped like a needle;
Aspen (Populus) leaves are considered ovate, meaning
they resemble a two-dimensional projection of an egg;
May apple (Podophyllum) leaves are considered peltate,
meaning they are shaped like a shield, and are attached
to the stalk on the lower leaf surface.

Venation

Venation is the pattern of veins in the blade of a
leaf. The veins consist of vascular tissues which are im-
portant for the transport of food and water. Leaf veins
connect the blade to the petiole, and lead from the peti-
ole to the stem. The two primary vascular tissues in leaf
veins are xylem, which is important for transport of
water and soluble ions into the leaf, and phloem, which
is important for transport of carbohydrates (made by
photosynthesis) from the leaf to the rest of the plant.
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The venation pattern of a leaf is classified as reticu-
lated, parallel, or dichotomous. In reticulated venation,
the veins are arranged in a net-like pattern, in that they
are all interconnected like the strands of a net. Reticulat-
ed venation is the most common venation pattern, and
occurs in the leaves of nearly all dicotyledonous An-
giosperms, whose embryos have two cotyledons (seed
leaves) as in flowering plants such as Maple, Oak, and
Rose. In parallel venation, the veins are all smaller in
size and parallel or nearly parallel to one another, al-
though a series of smaller veins connects the large veins.
Parallel venation occurs in the leaves of nearly all mono-
cotyledonous Angiosperms, whose embryos have one
cotyledon, as in flowering plants such as lilies and grass-
es. In dichotomous venation, the veins branch off from
one another like the branches of a tree. This is the rarest
venation pattern, and occurs in the leaves of some ferns
and in the gymnospermtree, Ginkgo biloba.

Anatomy

Although the leaves of different plants vary in their
overall shape, most leaves are rather similar in their in-
ternal anatomy. Leaves generally consist of epidermal
tissue on the upper and lower surfaces, vascular tissues
in the veins, and less-differentiated mesophyll, or ground
tissue, throughout the body. Some plant species have a
special type of photosynthesis, known as C-4 photosyn-
thesis, and their leaves have a unique internal anatomy.
These highly specialized leaves are not considered here.

Epidermis

Epidermal cells are on the upper and lower surfaces
of a leaf. They have two features which prevent evapora-
tive water loss: they are packed densely together and
they are covered by a cuticle, a waxy layer secreted by
the cells. The epidermis usually consists of a single layer
of cells, although the specialized leaves of some desert
plants have epidermal layers which are several cells
thick. Epidermal cells often have large vacuoles which
contain flavonoid pigments. Flavonoids generally absorb
ultraviolet radiation, and may act as a sort of natural
sunscreen for the internal layers of the leaf, by filtering
out harmful ultraviolet radiation from the sun.

The leaf epidermis has small pores, called stomata,
which open up for photosynthetic gas exchange and tran-
spiration. Stomata are scattered throughout the epider-
mis, but are typically more numerous on the lower leaf
surface. Each individual stoma (pore) is surrounded by a
pair of specialized epidermal cells, called guard cells. In
most species, the guard cells close their stomata during
the night to prevent transpirational water loss, and open
their stomata during the day so they can take up carbon
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A scanning electron micrograph (SEM) of open stomata on
the surface of a tobacco leaf (Nicotiana tabacum). Stomata
are breathing pores scattered over the leaf surface, and
sometimes stem, that regulate the exchange of gases be-
tween the leaf’s interior and the atmosphere. Stomatal clo-
sure is a natural response to darkness or drought as a
means of conserving water. Each pore is controlled by the
turgor of two guard cells (sides seen beneath pore’s open-
ing) on either side of it. When they are full of water the pore
is open; when they lose turgor, the pore closes. Photo Re-
searchers, Inc. Reproduced by permission.

dioxide for photosynthesis, and give off oxygen as a
waste product.

Mesophyll

Mesophyll cells constitute the main body of a leaf,
occurring between the upper and lower epidermis. Typi-
cally, the leaves of temperate-zone plants have two lay-
ers of mesophyll cells, the palisade mesophyll on the
adaxial (upper) side, and the spongy mesophyll on the
abaxial (lower) side. The palisade mesophyll is a layer of
densely packed, columnar cells which contain many
chloroplasts. This layer is responsible for most of the
photosynthesis of leaves. The spongy mesophyll is com-
posed of large, often odd-shaped, photosynthetic cells
separated from one another by large, intercellular spaces.
The intercellular spaces apparently facilitate the ex-
change of photosynthetic gases.

Veins

Veins penetrate the mesophyll layers of a leaf. Veins
consist of vascular tissue, xylem, and phloem, and con-
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nect the vascular tissue of the stem to the photosynthetic
cells of the mesophyll, via the petiole. Xylem cells main-
ly transport water and minerals from the roots to the
leaves, and phloem cells mainly transport carbohydrates
made by photosynthesis in the leaves to the rest of the
plant. Typically, the xylem cells are on the upper side of
the leaf vein, and the phloem cells are on the lower side.

Phyllotaxy

Phyllotaxy is the arrangement of leaves on a stem.
As a stem grows at its apex, new leaf buds form along
the stem by a highly controlled developmental process.
Depending on the species, the leaf origins on the stem
may be opposite (in which leaves arise in pairs on oppo-
site sides of the stem), whorled (three or more leaves
arise from the same locus on the stem), or alternate
(leaves are arranged in a helix along the stem).

Most species have alternate leaves. This pattern is
often called spiral phyllotaxy because a spiral is formed
when an imaginary line is drawn which connects pro-
gressively older leaf origins on the stem. The divergence
angle of successive leaves determines the developmental
spiral of leaves and homologous plant organs, such as
the individual florets of a sunflower, and has been inten-
sively studied by botanists and mathematicians since the
mid-1800s. Interestingly, the angle between successive
leaves on a stem is often about 137.5 degrees, known as
the Fibonaci angle.

Two major theories have been proposed to explain
spiral phyllotaxy: ava ble space theory and repulsion
theory. Both propose that the siting of leaf nodes is deter-
mined by the position of existing leaf nodes. While the
two are often portrayed as competing theories, they are
not in fact mutually exclusive. Available space theory says
that the physical space among existing leaf nodes deter-
mines where new leaves originate. Repulsion theory says
that synthesis of a chemical growth inhibitor(s) at the apex
of older leaf nodes determines the position of new leaves,
and that new leaves form only where the concentration of
the growth inhibitor(s) is below a certain threshold.

Evolution

About 380 million years ago, plants with vascular
tissue first evolved a special type of leaf, referred to as a
microphyll. A microphyll typically has a single midvein,
and arises from a stem which does not have leaf gaps, in
regions of parenchyma (i.e, unspecialized) tissue where
the vascular strand leads into the leaf base. The micro-
phyll may have originated as an outgrowth of a vascular-
ized stem, or by evolutionary simplification of a complex
branch system. The leaves of certain modern plants in
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KEY TERMS
Cellular respiration—The oxidation of food within
cells, involving consumption of oxygen and pro-
duction of carbon dioxide, water, and chemical en-
ergy in the form of ATP (adenosine triphosphate).

Dicot—A plant whose embryo has two cotyledons
(that is, seed leaves) and several other general
characteristics.

Epiphyte—A plant which relies upon another
plant, such as a tree, for physical support, but
does not harm the host plant.

Leaf gap—A gap in the vascular system of a stem,
just above where the stem’s vascular tissue has
curved off into the petiole.

Megaphyll—A leaf type typical of seed plants and
ferns, which has branched veins and is usually as-
sociated leaf gaps in the stem.

Microphyll—A leaf type typical of Sphenophyta
(horsetails) and Lycopodophyta (lycopods) which
is scale-like, not associated with leaf gaps in the
stem, and usually has a single midvein.

Monocot—A plant whose embryo has a single
cotyledon (seed leaf) and several other general
characteristics.

Photosynthesis—The biological conversion of
light energy into chemical energy.

Transpiration—The movement of water out of a
plant, most of which occurs through the stomata
of leaves.

the Lycopodophyta (Lycopods) and Sphenophyta
(Horsetails) are classified as microphylls. Although the
microphylls of these modern plants are quite small, some
of their fossilized relatives had very large microphylls.

About 350 million years ago, plants first evolved
megaphylls, the leaf type of modern seed plants and
ferns. A megaphyll typically has a complex venation pat-
tern, and arises from a stem which has leaf gaps, or re-
gions of parenchyma tissue where the vascular strand
leads into the leaf base. One theory proposes that mega-
phylls, as well as other plant organs, evolved by modifi-
cation of branch systems. In other words, megaphylls
may have evolved by the flattening of a three-dimension-
al branch system, and connection of the flattened
branches with a cellular webbing.

Many botanists believe that the four different whorls
of a flower (sepals, petals, stamens, and carpels) origi-
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nated by evolutionary modification of the megaphylls of
a free-sporing plant. Shortly after the evolutionary origin
of the Angiosperms (flowering plants), there was a major
division between the monocots (plants whose embryos
have one cotyledon) and dicots (plants whose embryos
have two cotyledons). The leaves of modern monocots,
such as grasses and lilies, tend to be narrow and have
parallel venation; the leaves of dicots tend to be wide,
and have reticulated venation.

Many modern plants have evolved complex and high-
ly specialized leaves. For example, the insect-eating or-
gans of carnivorous plants, such as Venus Flytrap, Sun-
dew, Pitcher Plant, and Bladderwort, are all highly spe-
cialized leaves. Dischidia rafflesiana, a tropical epiphyte,
has among the most specialized leaves of any plant. Its
leaves are tubular in shape and they collect forest debris
and rain water, providing a habitat for the colonies of
ants which live inside. As the ants die, their bodies dis-
solve and special roots of the plant absorb the nutrients
that are released, providing nourishment for the plant.
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Leafhoppers

Leathoppers are a species of insects in the family
Cicadellidae, order Homoptera, a group that also in-
cludes the cicadas, whiteflies, aphids, and scale insects.
There are about 20,000 species of leafhoppers, including
about 2,500 species in North America.

Leafhoppers are leaf-feeding herbivores that use
their sucking mouthparts to pierce the tissues of plants
and feed on their juices, in some cases causing economi-
cally important damage to crop species. Leafhoppers
have relatively specific feeding habits, and they only
occur on particular species of plants, or closely related
groups. Some species of leafhoppers emit “honeydew”
from their anus. Honeydew is a solution rich in sugars,
similar to that emitted by the closely related aphids.

Leafhoppers are rather small insects, the largest
being no more than 0.5 in (13 mm) in body length, but
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most species only being a few millimeters long.
Leafhoppers have short, bristle-like antennae, and a dou-
ble row of spines running along the tibia of their hind
legs. Leathoppers have wings, which are held tent-like
back over the thorax and abdomen when the insect is not
flying. Most species are beautifully marked with stark
color patterns that can be seen upon close viewing, espe-
cially on their somewhat thickened fore-wings, and
sometimes their head and thorax. The tropical species
Cardioscarta pulchella is brilliantly colored with red,
black, and white hues, and is commonly used as a model
in Central American folk art.

Leafhoppers have three stages in their life-cycle:
egg, nymph, and adult. Most species only produce one or
two generations per year, overwintering as either adults
or eggs.

Some leathoppers use rather weak, species-specific
sounds to communicate with each other. These leathop-
pers produce their noises using structures known as tym-
bals, which are anatomically similar to the much-louder
sound-producing organs of cicadas.

A few species of leathoppers are migratory in North
America. The beet leathopper (Circulifer tenellus), for
example, maintains permanent populations in the south-
ern parts of its range, but migrates northward as the
weather and availability of food become favorable dur-
ing the growing season. When climatic conditions deteri-
orate again at the end of summer, beet leathoppers may
migrate south, although these individuals are not of the
same generation as the animals that made the earlier,
northward migration.

Some species of leafhoppers cause important damage
to crop plants. The potato leathopper (Empoasca fabae)
causes damage to potato and bean leaves by plugging the
vascular tissues, causing the death of foliage. Other
species of leafthoppers cause injuries to leaves at their
feeding sites, or they damage foliage by removing exces-
sive quantities of sugars and chloroplasts. Some species of
leathoppers are the vectors of infectious diseases of crop
plants. The beet leathopper, for example, is responsible
for spreading curly top, a disease of sugarbeets, spinach,
beans, squash, and some other vegetables.

Learning

Learning is the alteration of behavior as a result of
experience. When an organism is observed to change its
behavior, it is said to learn. Many theories have been for-
mulated by psychologists to explain the process of learn-
ing. Early in the twentieth century, learning was primarily
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Least common denominator

described through behaviorist principles that included as-
sociative, or conditioned response. Associative learning is
the ability of an animal to connect a previously irrelevant
stimulus with a particular response. One form of associa-
tive learning—classical conditioning—is based on the
pairing of two stimuli. Through an association with an un-
conditioned stimulus, a conditioned stimulus eventually
elicits a conditioned response, even when the uncondi-
tioned stimulus is absent. The earliest and most well-
known documentation of associative learning was demon-
strated by Ivan Pavlov, who conditioned dogs to salivate at
the sound of a bell. In operant conditioning, a response is
learned because it leads to a particular consequence (rein-
forcement), and it is strengthened each time it is rein-
forced. Without practice any learned behavior is likely to
cease, however, repetition alone does not ensure learning;
eventually it produces fatigue, boredom, and suppresses
responses. Positive reinforcement strengthens a response
if it is presented afterwards, while negative reinforcement
strengthens it by being withheld. Generally, positive rein-
forcement is the most reliable and produces the best re-
sults. In many cases once the pattern of behavior has been
established, it may be sustained by partial reinforcement,
which is provided only after selected responses.

In contrast to classical and operant conditioning,
which describe learning in terms of observable behavior,
other theories focus on learning derived from motivation,
memory, and cognition. Wolfgang Kohler, a founder of
the Gestalt school of psychology, observed the impor-
tance of cognition in the learning process when he stud-
ied the behavior of chimpanzees. In his experimenta-
tion, Kohler concluded that insight was key in the prob-
lem-solving conducted by chimpanzees. The animals did
not just stumble upon solutions through trial and error,
but rather they demonstrated a holistic understanding of
problems that they solved through moments of revela-
tion. In the 1920s, Edward Tolman illustrated how learn-
ing can involve knowledge without observable perfor-
mance. The performance of rats who negotiated the
same maze on consecutive days without reward im-
proved drastically after the introduction of a goal box
with food, indicating that they had developed cognitive
maps of the maze prior to the reward although it had not
been observed in their behavior.

In the 1930s, Clark L. Hull and Kenneth W. Spence
introduced the drive-reduction theory. Based on the ten-
dency of an organism to maintain balance by adjusting
physiological responses, the drive-reduction theory pos-
tulated that motivation is an intervening factor in times
of imbalance. Imbalances create need, which in turn cre-
ate drives; both encourage action in order to reduce the
drive and meet the need. According to drive-reduction
theory, the association of stimulus and response in classi-
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cal and operant conditioning only results in learning if
accompanied by drive reduction.

Perceptual learning theories postulate that an or-
ganism’s readiness to learn is of primary importance to
its survival, and this readiness depends largely on its per-
ceptual skills. Perceptual skills are intimately involved in
producing more effective responses to stimuli. In the lab-
oratory, perceptual learning has been tested and mea-
sured by observing the effects of practice on perceptual
abilities. Subjects are given various auditory, olfactory,
and visual acuity tests. With practice, subjects improve
their scores, indicating that perceptual abilities are not
permanent but are modifiable by learning. In studies of
animal behavior, the term perceptual learning is some-
times used to refer to those instances in which an animal
learns to identify a complex set of stimuli that can be
used to guide subsequent behavior. Examples of such
perceptual learning include imitation and observational
learning, song learning in birds, and imprinting in new-
born birds and mammals. Imprinting occurs only during
the first 30 or so hours of life. It is a form of learning in
which a very young animal fixes its attention on the first
object with which it has visual, auditory, or tactile expe-
rience and thereafter follows that object.

Observational learning, also known as modeling or
imitation, proposes that learning occurs as a result of ob-
servation and consequence. Behavior is learned through
imitation, however behavior that is rewarded is more
readily imitated than behavior that is punished. Termed
vicarious conditioning, this type of learning is present
when there is attention to the behavior, retention and the
ability to reproduce the behavior, and motivation for the
learning to occur.

Current research on learning is highly influenced by
computer technology, both in the areas of computer-as-
sisted learning and in the attempt to further understand
the neurological processes associated with learning by
developing computer-based neural networks that simu-
late different types of learning.

Least common denominator

A common denominator for a set of fractions is sim-
ply the same (common) lower symbol (denominator). In
practice the common denominator is chosen to be a num-
ber that is divisible by all of the denominators in an addi-
tion or subtraction problem. Thus for the fractions 2/3,
1/10, and 7/15, a common denominator is 30. Other
common denominators are 60, 90, etc. The smallest of
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the common denominators is 30 and so it is called the
least common denominator.

Similarly, the algebraic fractions x/2(x+2)(x-3) and
3x/(x+2)(x-1) have the common denominator of
2(x+2)(x-3)(x-1) as well as 4(x+2)(x-3)(x-1)(x?*+4), etc.
The polynomial of the least degree and with the smallest
numerical coefficient is the least common denominator.
Thus 2(x+2)(x-3)(x-1) is the least common denominator.

The most common use of the least common denomi-
nator (or L.C.D.) is in the addition of fractions. Thus, for
example, to add 2/3, 1/10, and 7/15, we use the L.C.D. of
30 to write

2/3 +1/10 + 7/15 as
2x10/3x10 + 1x3/10x3 + 7x2/15x2
which gives us 20/30 + 3/30 + 14/30 or 37/30

Similarly, we have

X/2(x+1)(x-3) + 3x/(x+2)(x-1) =
X(x-1)2(x+1)(x-3)(x-1) + 6x(x-3)/2(x+2)(x-1)(x-3) =
[X(x-1)+6x(x-3)]/2(x+1)(x-3)(x-1)

Roy Dubisch

Lecithin

Lecithin is a phospholipid which consists of glyc-
erol, two fatty acids, a phosphate group and choline.

Lecithin was first found in eggs in 1846, so its name
was coined from the Greek word for egg yolk, lekithos.
Though lecithin is its common name, chemists refer to it
as phosphatidylcholine. It is a yellow-brown fatty sub-
stance. In contrast to fats, which function as fuel mole-
cules, lecithin serves a structural role in cell membranes.
It is found in all cells. Without lecithin and other mem-
brane phospholipids, cells would be unable to maintain
their structure and probably would dissolve back into
their surroundings. Lecithin is apparently vital for life in
mammals, because no hereditary diseases in its biosyn-
thesis are known. (A genetic defect involving a vital sub-
stance is lethal to the organism and therefore cannot be
passed on.) The lecithin we purchase in a store is actual-
ly a mixture of lecithin and other phospholipids as well
as fatty (soy bean) oil. The fatty acid components in
lecithin can vary, depending on the number of carbon
atoms they contain and whether they are saturated or un-
saturated. The nature of the fatty acid components in a
lecithin molecule greatly influence its role. For example,
a lecithin molecule in which both fatty acids are saturat-
ed aids oxygen uptake in the lungs. Another “species” of
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lecithin, which contains two unsaturated fatty acids is in-
volved in the transport of cholesterol in the blood.

Structure and properties

The structure of lecithin is illustrated here. Glycerol,
which contains three carbon atoms, serves as the back-
bone of the lecithin molecule. The two fatty acids are
linked to glycerol at carbon atoms 1 and 2 and the phos-
phate group is linked to carbon atom 3. Choline is, in
turn, linked to the phosphate group. Typically, though not
always, the fatty acid attached to carbon 1 of glycerol is
saturated, while that attached to carbon 2 is unsaturated.

To get a crude idea of the structure of the lecithin
molecule, imagine a balloon with two long paper
streamers attached to it. The balloon or “head” region
corresponds to the polar portion of the molecule, the
negatively-charged phosphate group, and the positively-
charged choline, which readily dissolve in water. The
streamers or “tails” represent the nonpolar part, the long
chain of 12 to 18 carbon atoms in the two fatty acids,
which are insoluble in water. As a result of the nature of
its head and tail groups, lecithin molecules tend to dis-
perse themselves in water with their nonpolar tails back-
to-back to form bilayers, or double layers, in which the
polar heads project outward into the water. This arrange-
ment sequesters, or conceals, the nonpolar tails away
from the water, forming a structural barrier to the pas-
sage of polar and ionic molecules as shown.

Dietary and commercial sources

Because lecithin is found in all living organisms, it
is readily available in foods. Egg yolks, liver, peanuts,
corn, spinach, and whole grains are good dietary
sources. Soy beans are by far the most important com-
mercial source of lecithin, because they are an excellent
source, and because such huge amounts are produced.
Commercial lecithin is widely used to process food
products, including baking mixes, candy, chewing gum,
chocolate, ice cream, macaroni and noodles, margarine,
whipped toppings, and so on. It is generally used as an
emulsifier, a substance that can bring water and oil to-
gether. However, the amounts used as a food additive in
such products are not enough to be a good dietary source
of lecithin.

Role in health and disease

Lecithin is the most abundant membrane phospho-
lipid in our cells. A study involving cells with a tempera-
ture-sensitive genetic defect in lecithin biosynthesis il-
lustrates how essential it is for cell survival. When grown
above a certain temperature, these cells were unable to
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Figure 1.The structure of lecithin represented schematically (A), as a formula (B), as a model (C), and symbolically (D). Such
phospholipid bilayers are thought to constitute the basic structure of cell membranes. lllustration by Hans & Cassidy. Courtesy
of Gale Group.
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make lecithin. Under these conditions the cells began to
burst open and eventually died.

Several studies suggest that lecithin is involved in
cell signaling, the process by which one cell initiates
changes in another. For example, a hormone, neuro-
transmitter, or growth factor secreted by one cell com-
municates with another by altering its cell membrane in
some way, usually by activating an enzyme which
breaks down phospholipid in the membrane. The break-
down products interact with an enzyme which sets into
motion a domino effect of changes in cell growth, me-
tabolism, function, and so on. Disruptions in this
process may give rise to certain diseases. Some recent
evidence suggests that lecithin deficiency may interfere
with cell signaling and so may be a factor in the develop-
ment of liver and colon cancer.

Lecithin plays an important role in the transport of
fats and cholesterol from the liver to sites where they can
be either used or stored. Since fats do not dissolve in
water solutions like blood plasma, they are transported in
spherical particles called lipoproteins. These particles can
mix with water solutions because the water-friendly pro-
teins, cholesterol and phospholipids are on the outside
surface. The nonpolar fats associated with them make up
the core, which is unexposed to water. Because lecithin is
required for lipoprotein synthesis, a lecithin deficiency
results in fats accumulating in the liver and leads to liver
damage. Lecithin deficiency also leads to increased
amounts of cholesterol in the blood and atherosclerosis, a
disease in which narrowing of the arteries is caused pri-
marily by the deposit of fats from the bloodstream.

Lecithin is the primary source of choline, the pre-
cursor of the neurotransmitter acetylcholine. Recent
findings suggest a relationship between the lack of avail-
ability of lecithin to nerve cells which produce acetyl-
choline, and the progress of Alzheimer disease.

Commercial importance

Commercial lecithin is actually a mixture of
lecithin, other related phospholipids and oil. Due to its
ability to break up fat and oil globules and its antioxi-
dant properties, lecithin extracted from soy beans is im-
portant commercially for processing food and other
products. In food it aids in the mixing of vegetable oils,
butters, and other fatty ingredients so that they are uni-
formly distributed throughout the product. Without
lecithin these ingredients tend to separate out. A famil-
iar example is the separation of fat out of chocolate,
leaving a light oily film on the surface. Lecithin stabi-
lizes oils against oxidation during processing, resulting
in better flavor and longer shelf life. Lecithin is also
used in the manufacture of paints, dyes, inks, leather
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KEY TERMS
Lipid—Any fatty substance which tends not to dis-
solve in water but instead dissolves in relatively
nonpolar organic solvents.
Phospholipid—A lipid which contains a phos-
phate group.
Saturated—Containing a single bond between the
carbon atoms in a chain.

Unsaturated—Containing multiple bonds be-
tween the carbon atoms in a chain. Unsaturated
fatty acids contain at least one double bond be-
tween two carbon atoms.

goods, plastics, cosmetics, textiles, and pharmaceutical
products, among others.
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LED

A LED (light-emitting diode) converts electrical en-
ergy to light by means of a semiconductor, made of a
solid material, such as silicon, whose electrical conduc-
tivity when hot is as great as that of metals and very low
when cold. LEDs were commonly referred to early in
their history as solid-state lamps. The light produced by
LEDs is known as electroluminescence, distinguishing it
from incandescence, which is characteristic of light bulbs.

Semiconductors for LEDs are made from slices of
crystal so thin that their /attice, or most basic physical
structure, can be easily traversed. This crystal is alloyed
with materials of opposing charges, one on each side.
The negative side of the semiconductor is electron rich,
and the positive side is electron poor. The positive-nega-
tive junction formed by the alloyed crystal is known as a
depletion layer, which is relatively inactive. The crystal
is then subjected to doping, a process of destabilizing
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LED

LEDs on a circuit board from a radar detector. Photograph
by Peter Steiner. Stock Market. Reproduced by permission.

negativity and positivity of the alloys in order to affect
their conductivity, so that electrons move in one direc-
tion when the semiconductor is held between two elec-
trodes and charged with a current. The electrons shed the
energy they pick up from the current in the form of pho-
tons, emitting visible light, in order to return to their nor-
mal low- energy positions. The color of the emission is
determined by its spectral composition. High energy
means a short wavelength, which tends toward the blue
end of the spectrum. However, while a green diode
peaks at green, it can be made to emit an extended range
from yellow and orange into red, depending on current
flow. It appears red at low current, green at high.

The solid-state lamp

The LED is sometimes referred to as a solid-state
lamp, especially in older scientific publications. Henry
Round was the first to place a crystal of silicon carbide be-
tween two wires in 1907. He found that, at ten volts, it gave
off a yellow light. A Russian experimenter-alternately re-
ferred to as Lossew or Lossyev-first contributed a basic un-
derstanding of the electroluminescent properties of silicon
carbide, which he coupled with zinc oxide in point-contact
diodes in 1923. Georges Destriau in 1936 first conceived
of an AC solid-state light source, but efficiencies improved
dramatically in lab research during the 1950s.

In 1990 at Cambridge University in England,
Richard Friend made the first LED utilizing polymers
(chemical compounds consisting of combinations of
molecules that form crystals in repeating structural
units), which are more flexible as a medium than silicon.
The advantage of a polymer hinges on its chemical re-
dundancies, artificially induced at the molecular level.
Such a network of redundant material can be compared
to a floating tangle of cooked noodles, but their reactions
are more uniform than their appearance may suggest.
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This diagram of a typical LED indicator light shows how
small the actual LED is. Although the average lifetime of a
small light bulb is 5-10 years, a modern LED should last 100
years or more before it fails. Illustration by Hans & Cassidy.
Courtesy of Gale Group.

When an electrical current is run through an electrically
unstable polymer, its electrons all react in unison, as if a
single switch flips on all the lights in an apartment build-
ing at once. Another advantage is that the wavelength of
the emitted photons can easily be adjusted by altering the
polymer. Some polymer chains last longer than others
before being exhausted, however, and the reason for this
phenomenon remains elusive.

Convenient uses and ambitious plans

LEDs show an immunity to electromagnetic inter-
ference, power surge hazards, and changes in tempera-
ture. Red LEDs are sturdy, bright enough without being
too hot, and cheap enough to be conveniently used in
place of more common white light sources. Green ones
are used to light up phone keypads, for instance. As cir-
cuit board indicators on personal computers, they can
withstand the heat stress of active integrated circuitry.
LEDs also show up on electronic newscasters, are used
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KEY TERMS
Dopant—A chemical impurity which is added to
a pure substance in minute quantities in order to
alter its properties.

Electroluminescence—A luminous discharge of
high frequency brought about by photon emissions.

Rectifier—A device that converts alternating cur-
rent (AC) to direct current (DC).

Semiconductor—A solid whose conductivity
varies between that of a conductor (like a metal)
at high temperatures and that of an insulator (such
as rubber) at low temperatures.

Solid-state—Refers to the exploitation of the elec-
tric, magnetic, or light-producing capabilities of
solids without depending on electron tubes.

on a large scale on building exteriors but are also avail-
able in portable forms. Laptop computers use LEDs to
create the equivalent of a 12-inch monitor on a much
smaller scale. Long distance phone service is renewed at
switchers and loop circuits, and cable TV transmissions
are aided at relay stations with a combination of lasers
and LEDs known as optical coupling. LEDs provide the
stimulated emission of radiation required for onset of
laser action in these fiber-optics applications.
AT&T/Bell Labs has produced the basic LEDs for full-
color reproduction-red, green and blue (RGB)-from the
same material. An array of LED-supported colored lasers
might produce a new kind of television set in the future.

See also Battery; Calculator; Fiber optics; Transistor.
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Leeches see Segmented worms

Legionnaires” disease

Legionnaires’ disease is a type of pneumonia
caused by Legionella bacteria. The bacterial species re-
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sponsible for Legionnaires’ disease is L. pneumophila.
Major symptoms include fever, chills, muscle aches, and
a cough that is initially nonproductive. Definitive diag-
nosis relies on specific laboratory tests for the bacteria,
bacterial antigens, or antibodies produced by the body’s
immune system. As with other types of pneumonia, Le-
gionnaires’ disease poses the greatest threat to people
who are elderly, ill, or immunocompromised.

Legionella bacteria were first identified as a cause of
pneumonia in 1976, following an outbreak of pneumonia
among people who had attended an American Legion con-
vention in Philadelphia, Pennsylvania. This eponymous
outbreak prompted further investigation into Legionella
and it was discovered that earlier unexplained pneumonia
outbreaks were linked to the bacteria. The earliest cases of
Legionnaires’ disease were shown to have occurred in
1965, but samples of the bacteria exist from 1947.

Exposure to the Legionella bacteria doesn’t neces-
sarily lead to infection. According to some studies, an
estimated 5-10% of the American population show sero-
logic evidence of exposure, the majority of whom do not
develop symptoms of an infection. Legionella bacteria
account for 2-15% of the total number of pneumonia
cases requiring hospitalization in the United States.

There are at least 40 types of Legionella bacteria,
half of which are capable of producing disease in hu-
mans. A disease that arises from infection by Legionella
bacteria is referred to as legionellosis. The L. pneu-
mophila bacterium, the root cause of Legionnaires’ dis-
ease, causes 90% of legionellosis cases. The second
most common cause of legionellosis is the L. micdadei
bacterium, which produces the Philadelphia pneumonia-
causing agent.

Approximately 10,000-40,000 people in the United
States develop Legionnaires’ disease annually. The peo-
ple who are the most likely to become ill are over age 50.
The risk is greater for people who suffer from health
conditions such as malignancy, diabetes, lung disease, or
kidney disease. Other risk factors include immunosup-
pressive therapy and cigarette smoking. Legionnaires’
disease has occurred in children, but typically it has been
confined to newborns receiving respiratory therapy, chil-
dren who have had recent operations, and children who
are immunosuppressed. People with HIV infection and
AIDS do not seem to contract Legionnaires’ disease with
any greater frequency than the rest of the population,
however, if contracted, the disease is likely to be more
severe compared to other cases.

Cases of Legionnaires’ disease that occur in con-
junction with an outbreak, or epidemic, are more likely
to be diagnosed quickly. Early diagnosis aids effective
and successful treatment. During epidemic outbreaks, fa-
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Legionnaires’ disease

Legionalla pneomophila. Custom Medical Stock Photo. Re-
produced by permission.

talities have ranged from 5% for previously healthy indi-
viduals to 24% for individuals with underlying illnesses.
Sporadic cases (that is, cases unrelated to a wider out-
break) are harder to detect and treatment may be delayed
pending an accurate diagnosis. The overall fatality rate
for sporadic cases ranges from 10-19%. The outlook is
bleaker in severe cases that require respiratory support or
dialysis. In such cases, fatality may reach 67%.

Causes and symptoms

Legionnaires’ disease is caused by inhaling Le-
gionella bacteria from the environment. Typically, the
bacteria are dispersed in aerosols of contaminated
water. These aerosols are produced by devices in which
warm water can stagnate, such as air-conditioning cool-
ing towers, humidifiers, shower heads, and faucets.
There have also been cases linked to whirlpool spa baths
and water misters in grocery store produce departments.
Aspiration of contaminated water is also a potential
source of infection, particularly in hospital-acquired
cases of Legionnaires’ disease. There is no evidence of
person-to-person transmission of Legionnaires’ disease.

Once the bacteria are in the lungs, cellular represen-
tatives of the body’s immune system (alveolar
macrophages) congregate to destroy the invaders. The
typical macrophage defense is to phagocytose the invad-
er and demolish it in a process analogous to swallowing
and digesting it. However, the Legionella bacteria sur-
vive being phagocytosed. Instead of being destroyed
within the macrophage, they grow and replicate, eventu-
ally killing the macrophage. When the macrophage dies,
many new Legionella bacteria are released into the
lungs and worsen the infection.

Legionnaires’ disease develops two-10 days after
exposure to the bacteria. Early symptoms include lethar-
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gy, headaches, fever, chills, muscle aches, and a lack of
appetite. Respiratory symptoms such as coughing or
congestion are usually absent. As the disease progresses,
a dry, hacking cough develops and may become produc-
tive after a few days. In about a third of Legionnaires’
disease cases, blood is present in the sputum. Half of the
people who develop Legionnaires’ disease suffer short-
ness of breath and a third complain of breathing-related
chest pain. The fever can become quite high, reaching
104°F (40°C) in many cases, and may be accompanied
by a decreased heart rate.

Although the pneumonia affects the lungs, Legion-
naires’ disease is accompanied by symptoms that affect
other areas of the body. About half the victims experi-
ence diarrhea and a quarter have nausea and vomiting
and abdominal pain. In about 10% of cases, acute renal
failure and scanty urine production accompany the dis-
ease. Changes in mental status, such as disorientation,
confusion, and hallucinations, also occur in about a quar-
ter of cases.

In addition to Legionnaires’ disease, L. pneumophila
legionellosis also includes a milder disease, Pontiac fever.
Unlike Legionnaires’ disease, Pontiac fever does not in-
volve the lower respiratory tract. The symptoms usually
appear within 36 hours of exposure and include fever,
headache, muscle aches, and lethargy. Symptoms last only
a few days and medical intervention is not necessary.

Diagnosis

The symptoms of Legionnaires’ disease are com-
mon to many types of pneumonia and diagnosis of
sporadic cases can be difficult. The symptoms and
chest x rays that confirm a case of pneumonia are not
useful in differentiating between Legionnaires’ disease
and other pneumonias. If a pneumonia case involves
multisystem symptoms, such as diarrhea and vomiting,
and an initially dry cough, laboratory tests are done to
definitively identify L. pneumophila as the cause of the
infection.

If Legionnaires’ disease is suspected, several tests
are available to reveal or indicate the presence of L.
pneumophila bacteria in the body. Since the immune
system creates antibodies against infectious agents, ex-
amining the blood for these indicators is a key test.
The level of immunoglobulins, or antibody molecules,
in the blood reveals the presence of infection. In mi-
croscopic examination of the patient’s sputum, a fluo-
rescent stain linked to antibodies against L. pneu-
mophila can uncover the presence of the bacteria.
Other means of revealing the bacteria’s presence from
patient sputum samples include isolation of the organ-
ism on culture media or detection of the bacteria by
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DNA probe. Another test detects L. pneumophila anti-
gens in the urine.

Treatment

Most cases of Legionella pneumonia show improve-
ment within 12-48 hours of starting antibiotic therapy.
The antibiotic of choice has been erythromycin, some-
times paired with a second antibiotic, rifampin. Tetracy-
cline, alone or with rifampin, is also used to treat Le-
gionnaires’ disease, but has had more mixed success in
comparison to erythromycin. Other antibiotics that have
been used successfully to combat Legionella include
doxycycline, clarithromycin, fluorinated quinolones, and
trimethoprim/sulfamethoxazole.

The type of antibiotic prescribed by the doctor de-
pends on several factors including the severity of infec-
tion, potential allergies, and interaction with previously
prescribed drugs. For example, erythromycin interacts
with warfarin, a blood thinner. Several drugs, such as
penicillins and cephalosporins, are ineffective against the
infection. Although they may be deadly to the bacteria in
laboratory tests, their chemical structure prevents them
from being absorbed into the areas of the lung where the
bacteria are present.

In severe cases with complications, antibiotic therapy
may be joined by respiratory support. If renal failure oc-
curs, dialysis is required until renal function is recovered.

Prognosis

Appropriate medical treatment has a major impact on
recovery from Legionnaires’ disease. Outcome is also
linked to the victim’s general health and absence of com-
plications. If the patient survives the infection, recovery
from Legionnaires’ disease is complete. Similar to other
types of pneumonia, severe cases of Legionnaires’ disease
may cause scarring in the lung tissue as a result of the in-
fection. Renal failure, if it occurs, is reversible and renal
function returns as the patient’s health improves. Occa-
sionally, fatigue and weakness may linger for several
months after the infection has been successfully treated.

Prevention

Since the bacteria thrive in warm stagnant water,
regularly disinfecting ductwork, pipes, and other areas
that may serve as breeding areas is the best method for
preventing outbreaks of Legionnaires’ disease. Most out-
breaks of Legionnaires’ disease can be traced to specific
points of exposure, such as hospitals, hotels, and other
places where people gather. Sporadic cases are harder to
determine and there is insufficient evidence to point to
exposure in individual homes.
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Antibody—A molecule created by the immune
system in response to the presence of an antigen
(a foreign substance or particle). It marks foreign
microorganisms in the body for destruction by
other immune cells.

Antigen—A molecule, usually a protein, that the
body identifies as foreign and toward which it di-
rects an immune response.

Culture—A means of growing bacteria and virus-
es in a flask or on a plate. The culture medium
usually is agar, a form of gelatin, that may be en-
riched with broth or blood.

DNA probe—An agent that binds directly to a
predefined sequence of nucleic acids.

Immunocompromised—A condition in which the
immune system is not functioning properly and
cannot adequately protect the body from infection.

Immunoglobulin—The protein molecule that
serves as the primary building block of antibodies.

Immunosuppressive therapy—Medical treatment
in which the immune system is purposefully
thwarted. Such treatment is necessary, for exam-
ple, to prevent organ rejection in transplant cases.

Legionellosis—A disease caused by infection with
a Legionella bacterium.

Media—Substance which contains all the nutri-
ents necessary for bacteria to grow in a culture.

Phagocytosis—The “ingestion” of a piece of mat-
ter by a cell.
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Legumes

Legumes or beans are species of plants in the family
Fabaceae (also known as Leguminoseae). The legume
family is very large, containing about 12,000 species and
440 genera with species occurring on all of the habitable
continents.

The most species-rich groups in the legume family
are the milk-vetches (Astragalus spp.) with 2,000
species, indigos (Indigoifera spp.; 500 species), clovers
(Trifolium spp.; 300 species), beans (Phaseolus spp.; 200
species), and lupines (Lupinus spp.; 200 species). Al-
though some taxonomists include the closely related
species of the families Caesalpinaceae (about 2,200-
3,000 species) and Mimosaceae (3,000 species) with the
legume family, the greater legume family includes the
Fabaceae, Caesalpinaceae, and Mimosaceae.

Some species of legumes are very important as food
plants for humans and livestock. Economically legumes
are second in agricultural importance only to the culti-
vated species of the grass family, such as wheat, maize,
and rice. Because of the ability of many legume species
to utilize nitrogen gas (N,) in the atmosphere, the fo-
liage and fruits of many legumes are relatively rich in
proteins and are important sources of nutrients for hu-
mans and other animals. Some species of legumes are
also used as ornamental plants in horticulture.

Biology of legumes

Legume species represent a wide variety of growth
forms, ranging from annual plants to herbaceous peren-
nials to woody shrubs, vines, and trees.

The leaves of legumes are typically arranged alter-
nately on the stems and are commonly compound, mean-
ing that each leaf is composed of several to many leaflets
arranged along a central stalk. In some herbaceous, climb-
ing species of legumes, some of the leaflets are modified
into spirally winding, clinging organs known as tendrils.

The flowers of legumes are bilaterally symmetric
and are generally arranged into groups known as inflo-
rescences. The five petals are modified into distinctive
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structures. The top-most petal is called the banner or
standard, the two lateral petals are called wings, and the
bottom two are fused into a structure known as the keel,
which encloses the ten stamens and single pistil of the
flower. Legume flowers are usually brightly colored,
and they contain nectar and are often scented. All of
these are adaptations for attracting flying insects who
are the pollinators of the flowers of legumes.

The fruits of legumes are dry or fleshy, multi-seeded
structures known as legumes or pods. The fruits and
seeds of some legume species are highly nutritious be-
cause of their large concentrations of protein. The seeds
of some species, however, contain toxic alkaloids and
can be poisonous.

About one-half of the species of legumes have
bumpy nodules present on their roots which house sym-
biotic (or mutualistic) bacteria that have the ability to
metabolically fix atmospheric nitrogen gas into ammo-
nia which can be utilized by the plant as a nutrient for
the synthesis of proteins. The bacteria responsible for ni-
trogen fixation in legumes are in the genus Rhizobium
with separate strains or species associated with each
species of symbiotic legume. The Rhizobium bacteria
have the ability to synthesize a chemical known as nitro-
genase which is an enzyme that can cleave the very
strong triple bond of nitrogen gas (N,) so that ammonia
(NH;) is produced. Because nitrogen gas is otherwise
inert to biological reactions, while ammonia (as ammo-
nium ion, NH,") is a chemical that plants can easily uti-
lize in their nutrition, nitrogen fixation is an extremely
useful function. Legumes that have symbiotic Rhizobium
living in their root nodules may have important ecologi-
cal advantages in competition with other types of plants,
especially if they are growing in otherwise nitrogen-poor
habitats.

Native legumes of North America

Many species in the legume family are indigenous
to the natural plant communities of North America. Nu-
merous other species of legumes have been introduced
by humans from Eurasia, Africa, and elsewhere and are
now naturalized in suitable habitats in North America.
The introduced plants are mostly species that are grown
in agriculture or horticulture and were able to escape
from cultivation and establish wild populations.

Native species of legumes are among the most beau-
tiful and engaging wildflowers of North America. Some
of the most interesting and attractive groups of native
legumes include the wild lupines (such as Lupinus
perennis), false blue indigo (Baptisia australis), wild in-
digo (B. tinctoria), tick-trefoils (Desmodium spp.), bush-
clovers (Lespedeza spp.), beach pea (Lathyrus
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maritimus) and marsh pea (L. palustris), milk-vetches,
and loco-weeds (Oxytropis spp.).

Some North American examples of tree-sized
legumes that occur in temperate climates include the
black locust (Robinia pseudoacacia), yellow-wood
(Cladrastis lutea), redbud (Cercis canadensis), honey lo-
cust (Gleditsia triacanthos), and Kentucky coffee tree
(Gymnocladus dioica). These are all native to parts of
the eastern United States but are cultivated as ornamen-
tals more widely, sometimes escaping into roadside and
secondary-forest habitats.

Other native species of legumes occur in subtropical
habitats in the southern United States. These include the
eastern coralbean (Erythrina herbacea) of the southeast-
ern states, Bahama lysiloma (Lysiloma bahamensis), and
fish-poison tree (Piscidia piscipula) of southern Florida.
Subtropical legumes in the southwestern states include
cattail acacia (Acacia greggii), sweet acacia (A. farne-
siana), and other acacias, along with species of leadtrees
(Leucaena spp.) and blackbeads (Pithecellobium spp.).

Legumes in agriculture

Some species of legumes are very important as
foods for humans and domestic livestock. The seeds of
legumes are typically highly nutritious and rich in pro-
tein, carbohydrates, oils, fiber, and other nutrients. How-
ever, the protein-rich nature of legume seeds, a conse-
quence of their nitrogen-fixing symbiosis, is perhaps
their most important attribute as a food for animals. Nu-
merous species of legumes are grown in agriculture, and
it is likely that there are other species of legumes of po-
tential agricultural importance that have not yet been dis-
covered, especially in the tropics.

One of the most important agricultural legumes is
the peanut or ground-nut (Arachis hypogaea), originally
native to Brazil but now cultivated much more widely.
After the above-ground flowers of the peanut are pollinat-
ed, their supporting stem turns and forces its way into the
ground where the flowers then develop into their familiar,
shelled fruits. Peanuts can be eaten raw or roasted, pul-
verized into peanut butter, or baked into cakes and cook-
ies. Peanuts are also used to manufacture an edible oil.
Sometimes a fungus known as Aspergillus flavus will in-
fest stored peanuts. This fungus will excrete a potent
toxic known as aflatoxin which can cause liver damage
and perhaps lead to the development of cancers. In addi-
tion, some people develop an extreme allergy to peanuts,
and these hypersensitive individuals can be killed by in-
advertently eating any food containing peanuts.

Another very important species of legume is the
soybean (Glycine max), originally native to Southeast
Asia. This species can be eaten cooked or as fresh
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Red clover (Trifolium pratense). JLM Visuals. Reproduced by
permission.

sprouts, or it can be processed into a protein-rich mate-
rial known as tofu, another substance known as soy
flour, or into a nutritious drink known as soy-milk.
Soybeans are important ingredients in some of the meat
substitutes that have recently been developed such as
vegetarian hot dogs. Soybeans are also pressed to pro-
duce edible oils.

The seeds of many other species of legumes are also
eaten. These include the chick pea (Cicer arietinum),
lentil (Lens esculenta), common pea (Pisum sativum),
broad or faba bean (Vicia faba), cow pea (Vigna sinensis),
common bean (P. vulgaris), mung bean (Phaseolus au-
reus), Lima bean (P. lunatus), and scarlet runner bean (P.
multiflorus). The entire pod of the carob (Ceratonia sili-
qua) can be eaten and is similar to a candy because of the
naturally large concentration of sugar that it contains.

The licorice (Glycyrrhiza glabra) is a perennial
herb that is native to southern Europe and Asia and is
now cultivated more widely. The rhizome of licorice is
mostly used in the preparation of candy and to much
smaller degrees to prepare medicinals, shoe polish, and
to flavor tobacco.

Some species of legumes are important in agricul-
ture as nitrogen-rich forages for domestic livestock.
Species of forage legumes that are commonly cultivated
in North America include alfalfa or lucerne (Medicago
sativa), sweet clovers (Melilotus officinalis and M. alba),
birds-foot trefoil (Lotus corniculatus), vetches (Vicia
cracca and other species), and various species of clovers,
including red clover (Trifolium pratense), white clover
(T. repens), hop-clovers (T. agrarium and T. procum-
bens), and alsike clover (T. hybridum). Legumes are also
used as a so-called “green manure” or soil conditioner
which is grown and then ploughed into the ground to im-
prove the soil quality in terms of organic matter and
fixed nitrogen.
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Other economic products obtained
from legumes

Many tree-sized species in the legume family are
valuable for their hard, durable timber. North American
species are relatively minor in this respect, although the
Kentucky coffee tree, black locust, and honey locust are
used as lumber to some degree.

Some leguminous species of tropical hardwoods are
highly prized for fine woodworking. Purpleheart (Peltog-
yne paniculata) is a very hard, durable, and strong wood
found in northern South America which is a brownish
color when first sawn but turns a spectacular purple after
being exposed to the atmosphere for a while. This tropi-
cal hardwood is used to manufacture fine furniture and
as a decorative inlay into other woods. Rosewoods also
have hard, dark-purple woods that are widely sought
after to manufacture fine furniture and other goods. Ex-
amples include Brazilian rosewood (Dalbergia nigra)
and Asian rosewoods (D. latifolia and D. sisso00).

Various species of trees in the genus Acacia are also
important sources of lumber, for example, A. melanoxy-
lan and A. visco in Australia. Species of Albizia are also
important timber trees.

The seeds of the mesquite (Prosopis juliflora) of the
southwestern United States and Mexico are used as ani-
mal feed, while the wood is burned to manufacture a fla-
vor-enhancing charcoal. Mesquite flavorings have become
quite popular in recent years, and many foods are now
seasoned with this plant, including potato and corn chips.

Sunhemp is a fiber obtained from Crotalaria juncea,
a legume native to south Asia. This is an annual plant,
grown mostly in the Indian subcontinent and used to
manufacture twine, ropes, bags, and canvas.

Gums are plant compounds that are used as adhe-
sives, to manufacture paints and candies, to prepare
paper, and to manufacture certain medicines. Important
gums are made from extracts of certain legume species
including gum tragacanth from Astragalus gummifer,
gum Arabic from Acacia senegal and A. stenocarpa, and
tragasol from the carob (Ceratonia siliqua).

The barks of some species of acacias are sometimes
used as sources of tannins, chemicals that are mostly
used to manufacture leather from animal skins. Species
used for this purpose include Acacia dealbata, A. decur-
rens, and A pycnantha, all native to Australia but also
cultivated elsewhere.

Some important dyes are extracted from species in
the legume family. One of the world’s most important,
natural dyes is indigo, extracted from the foliage of the
indigo (Indigofera tinctoria) of south Asia and to a lesser
degree from American indigo (/. suffruticosa) of tropical
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South America. Indigos are still cultivated widely for
their dark-blue dye, although similar chemicals have
been synthesized and are now widely available.

Other important natural dyes are obtained from the
heartwood of several species of leguminous trees. Log-
wood (Haematoxylon campechianum) is a small, thorny
tree native to Central America that is an important source
of a dye known as hematoxylin, which has a deep, pur-
ple-red color, and can also be manufactured into a persis-
tent black dye. The brazilette (H. brasiletto) is a source
of a natural red dye as are brazilwood (Caesalpina
brasiliensis) and sappanwood (C. sappan) of south Asia.

Derris or rotenone is a poisonous alkaloid that has
long been used by indigenous peoples of Southeast Asia
as arrow and fish poisons. Rotenone is now used widely
as a rodenticide to kill small mammals and as an insecti-
cide to kill pest insects. This chemical is mostly extract-
ed from the plants Derris elliptica and D. malaccensis.

Shellac is now a relatively minor product, but until
recently it was widely used for finishing wood and for
manufacturing products such as phonograph records
and electrical insulators. Shellac is derived from a sticky
substance that is secreted by an Asian insect, Tachardia
lacca. However, several species in the legume family are
cultivated as hosts for the insect, including the pigeon
pea (Cajanus cajan) and babul tree (Acacia arabica).

Legumes in horticulture

Some species of legumes are important in horticul-
ture where they are typically grown for their beautiful
flowers and sometimes as foliage plants. The scotch
broom (Cytisus scoparius) is a green-stemmed, bushy
shrub with attractive, yellow flowers. Gorse (Ulex eu-
ropaeus) is also a shrub with spiny branches and bright
yellow flowers. These shrubs are widely used in horticul-
ture in temperate climates as are the North American
trees, redbud, Kentucky coffee tree, and black and honey
locust. Some non-native species that are used in horticul-
ture in temperate climates of North America include
species of laburnum such as Scotch laburnum (Labur-
num alpinum) and common laburnum (L. anagyroides).

Many other leguminous trees and shrubs are grown
as ornamentals in subtropical and tropical climates.
Species cultivated in southern parts of the United States
include the royal poinciana (Delonix regia) of Madagas-
car, the paradise poinciana (D. gilliesii) of South Ameri-
ca, the tamarind (Tamarindus indica) of south Asia, and
the silktree (Albizia julibrissin) and woman’s tongue (A.
lebbek) of south Asia.

Various species of garden lupines (Lupinus) are
grown for their attractive, tall spikes of colorful flowers.
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Bilateral symmetry—In reference to flower shape,
this indicates that a vertical sectioning of the
flower will produce two halves with symmetric
features.

Compound leaf—A leaf in which the blade is sepa-
rated into several or many smaller units, called
leaflets, arranged along a central petiole or stalk
known as a rachis.

Cultivar—A distinct variety of a plant that has been
bred for particular, agricultural or culinary attribut-
es. Cultivars are not sufficiently distinct in the ge-
netic sense to be considered to be subspecies.

Legume—This is a type of fruit, also known as a
pod, which is developed from a single ovary but
contains multiple seeds and opens along a single
seam when ripe.

Nitrogen fixation—The conversion of atmospheric
nitrogen gas (N,) to ammonia or an oxide of nitro-

Commonly grown species include L. polyphyllus and L.
nootkatensis whose flowers are naturally colored blue but
also occur in white, pink, red, and other floral cultivars.

Other legumes that are commonly grown in gardens
include the Japanese wisteria (Wisteria floribunda), Chi-
nese wisteria (W. sinensis), and related species. The
sweet pea (Lathyrus odoratus) is also commonly grown
as an attractive, climbing plant.

Legumes as weeds

Some species of legumes that are cultivated in agri-
culture or horticulture have become naturalized in semi-
natural and natural habitats, and some of these are local-
ly considered to be invasive weeds. Examples of these
species include Scotch broom, gorse, garden lupines,
vetches, and some other species. These are rarely consid-
ered important enough as weeds to be the specific targets
of control programs.

One exception, however, is the kudzu vine (Puer-
aria lobata), native to Japan and introduced to the south-
eastern United States as a forage plant and for use in
controlling erosion. This species is considered to be a
serious, invasive weed in some places. Control methods
for the kudzu include the use of herbicides and the exca-
vation of its large, underground, roots.

A few species of legumes have foliage or seeds that
can be extremely toxic to humans and domestic animals,
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gen. This process can occur biologically through
action of the microbial enzyme, nitrogenase, or in-
organically at high temperature and pressure.

Nitrogenase—An enzyme synthesized by Rhizobi-
um and some other microorganisms that is capable
of cleaving the triple bond of nitrogen gas (N,),
generating ammonia (NH;), a type of fixed nitro-
gen that plants can utilize in their nutrition.

Rhizome—This is a modified stem that grows hori-
zontally in the soil and from which roots and up-
ward-growing shoots develop at the stem nodes.

Tendril—A spirally winding, clinging organ that is
used by climbing plants to attach to their support-
ing substrate. In the legume family, tendrils are de-
rived from modified leaflets.

Weed—Any plant that is growing abundantly in a
place where humans do not want it to be.

and these may be actively controlled to reduce the risks of
poisoning. The best North American examples of toxic
legumes that are sometimes considered to be pests because
they can poison livestock on rangelands are the locoweeds
(Oxytropis spp., and to a lesser degree, Astragalus spp.).
The precatory pea or rosary bean (Abrus precatorius)
grows wild in subtropical and tropical climates and was in-
troduced as an ornamental plant to south Florida where it is
now naturalized. This species has small (less than 0.4 in [1
cm] long), very attractive, crimson-red seeds, with one jet-
black spot at one end, but these are so toxic that a single
one can kill a person if chewed. Precatory peas are some-
times used to make beautiful seed-necklaces, but these can
be deadly in the hands of children.
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Lemmings

Lemmings are small mouselike rodents in the fami-
ly Muridae, which also includes the voles, gerbils, ham-
sters, rats, and mice. Lemmings occur in open, northern
habitats, especially in alpine and arctic tundra of North
America and Eurasia. Lemmings are herbivores, feeding
on sedges, grasses, berries, roots, and lichens. Lem-
mings are ecologically important in their habitat, in part
because they are the major food of many species of
predators.

Lemmings are highly fecund animals. When condi-
tions are appropriate to their survival, some species of
lemmings can become extremely abundant, an event that
population ecologists refer to as an “irruption.” When
this happens, it seems that lemmings are everywhere,
and indeed they are—they literally run over your feet in
meadows, and may invade northern towns. Under these
conditions the lemmings are driven to make short-dis-
tance migrations in search of food and new habitat.

Northern European legends about lemmings include
references to mass migrations by these animals, in some
cases including large numbers approaching seacliffs,
jumping fearlessly into the ocean, and then swimming
out toward the horizon until they become exhausted, and
drown. These stories about mass migrations of lemmings
are quite remarkable, but they may be somewhat embell-
ished. There is no doubt, however, the some species of
lemmings can periodically attain extraordinarily large
populations, which then crash to smaller abundances, on
about a three-to-five-year periodicity.

The true lemmings are four species in the genus
Lemmus. The brown lemming (Lemmus sibiricus) occurs
in alpine and arctic tundras of northern North America,
and in Siberia. The Norway lemming (Lemmus lemmus)
is most famous for its periodic irruptions. When these
animals are abundant, they can literally eat most of the
available food, causing their own starvation and that of
other herbivores, including reindeer (Rangifer tarandus).

The collared or Arctic lemming (Dicrostonyx
torquatus) is a widespread species of the Arctic tundra,
occurring in both North America and Eurasia. Collared
lemmings sometimes irrupt in abundance, and when this
happens they are the focus of hunting of all predators,
even those as large as wolves and bears. This species has
a white pelage in the winter, but is brown during the
brief, arctic summer.

The bog lemmings are North American species of
moist habitats, especially Sphagnumbogs. The southern
bog lemming (Synaptomys cooperi) occurs in the north-
eastern United States and southeastern Canada, while the
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northern bog lemming (S. borealis) ranges through most
of forested Canada and Alaska.

Bill Freedman

Lemon tree see Citrus trees

Lemurs

Lemurs are primitive primates, or prosimians,
found only on the island of Madagascar and nearby
small islands off the eastern coast of Africa. Although
lemurs, lorises, and tarsiers are all prosimians, or “pre-
monkeys,” only the lemurs and lorises have the typical
prosimian snout that, like a dog’s, remains moist. This
wet snout, called a rhinarium, suggests that scent is a
particularly important sense to lemurs. Most lemurs, like
other prosimians, also possess two built-in tools for
grooming. The so-called “toilet claw” is located on the
second toe of the hind foot (all other digits have a nail),
and is used for picking through fur and eating. They also
have a group of lower teeth (incisors) that combine into a
horizontal tool called a dental comb, also used for
grooming. All lemurs are nocturnal in habit.

Lemurs are classified in four families: the typical
lemurs (Lemuridae); the dwarf and mouse lemurs
(Cheirogaleidae); the indrids (Indriidae, including the
indri, sifaka, and avahi); and the aye-aye, the lone mem-
ber of Daubentoniidae.

The common name lemur means “ghost.” It was
given to these elusive creatures by the famous eighteenth
century Swedish biologist, Carolus Linnaeus. Attracted
by their large, bright eyes and strange calls, he thought
they resembled the wandering spirits of the dead, called
lemures in Latin (the language of science of the time).
Linnaeus gave the name to many prosimians, but today
the term lemur is used only for the prosimians of Mada-
gascar and the Comoro Islands.

The lemurs of Madagascar were cut off from the
mainstream of primate evolution at least 50 million
years ago. In Madagascar, they evolved to occupy many
ecological niches that, on the continent of Africa, were
occupied by monkeys or apes. About 40 different
species of lemurs evolved. Some, about as large as the
great apes, are known only by their fossils.

Lemurs have flat nails instead of claws on both
hands and feet. Most have 36 teeth, though the indrids
have 30 and the ring-tailed lemur has 32. Many lemurs
exhibit profound differences in weight and activity from
one season to the next. For example, the male’s scrotum,
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Two ring-tailed lemurs grooming eachother. Photograph by Tom McHugh. The National Audubon Society Collection/Photo Re-
searchers, Inc. Reproduced by permission.

which holds the testicles, may enlarge as much as eight
times as the mating season of summer approaches.

Mouse and dwarf lemurs

The smallest lemurs are called mouse and dwarf
lemurs, family Cheirogaleidae. The smallest species is
the lesser mouse lemur (Microcebus murinus), which is
about 5 in (12.5 cm) in length with an equally long tail.
It weighs less than 2 oz (57 g). The brown lesser mouse
lemur (M. rufus) is slightly larger. Coquerel’s mouse
lemur (irza coquereli), the largest species in this group,
is about twice as long. It is one of the rarest lemurs be-
cause its deciduous forest is being destroyed by logging
and conversion to agriculture.

These little, large-eyed lemurs have long hind legs,
useful for leaping. The lesser mouse lemur hops like a
frog when on the ground. The females have three pairs of
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nipples, while true lemurs have only a single pair. They
bear two or three tiny young (only about 5 g each) after a
gestation period of about 60 days in the smaller species
and 89 days in the larger.

Mouse lemurs survive the dry season, when food is
scarce, by living off nourishment stored in their fat tail.
Mouse lemur females share a spherical leaf nest with
each other and their young, while males usually curl up
by themselves. They all hunt at night as solitary individ-
uals, eating primarily insects and some leaves, usually
those bearing ant secretions. As they move about, they
communicate with each other by high-pitched calls.

Mouse lemurs are active, busy creatures, while the
dwarf lemurs (Cheirogaleus spp.) are rather sluggish all
year. Dwarf lemurs are true hibernators, and are active
only during the rainy season. The fat-tailed dwarf lemur
(C. medius) stores fat at the base of its tail for use during
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its six-month hibernation. Dwarf lemurs are incapable
of leaping from branch to branch, and they live in areas
where the tree branches are closer together. Only the
greater dwarf lemur (C. major) resides in wet rain forest;
the other three species live in drier forest.

The hairy-eared dwarf lemur (Allocebus trichotis)
was long thought to be extinct, but was rediscovered in
1965. Virtually nothing is known about it. The fork-
marked dwarf lemur (Phaner furcifer) has a dark stripe
on its back which curves over the head and links up with
the dark eye rings that mark all mouse and dwarf lemurs.
Unlike Cheirogaleus, it is a great leaper, achieving dis-
tances of up to 33 ft (10 m) in a single bound.

True lemurs

The true, or typical lemurs (Lemuridae) are diurnal
primates and thus have relatively smaller eyes than the
mouse and dwarf lemurs. Their eyes are golden yellow.
Their body is about the size of a domestic cat, but their
tail is considerably longer. These lemurs eat fruit, leaves,
and some insects. Their social groups vary in size from
two to more than 20, and the females tend to dominate
the males. The females also are responsible for defense
of the group. The females usually bear a single offspring
after a gestation period of about 18 weeks. The young
lemur rides on its mother’s back for several months.

The fluffy, black-and-white striped tail of the ring-
tailed lemur (Lemur catta) is present in both males and
females, though most lemurs exhibit sexual dimorphism,
or different coloring in males and females. When mov-
ing, the ring-tailed lemur holds its dramatic tail up in a
gentle curve. It also waves it to disperse the chemical re-
leased by its scent glands, which are located on its fore-
arms. These glands have tiny spurs that can slash the
bark of trees, leaving the slash scented with their territo-
ry-marking odor. The ring-tailed male also uses this
scent in a strange kind of combat. When two aggressive
males confront each other, each rubs its long tail on its
forearm scent gland, turns, and waves its smelly tail. Ap-
parently, one of the antagonists finds itself overwhelmed
and gives in.

The ring-tailed lemur is about 15 in (38 cm) long,
with an 18-20-in (46-51 cm) tail, and weighs about 6-7
Ib (2.7-3.2 kg). Although ring-tailed lemurs spend most
of their time on the ground (they are the only lemur that
does this), they climb trees in their open forest in the
early morning to reach the sunlight, which warms them
after a chilly night. Because they spend much of their
time walking on the ground, they have smooth, leathery
palms and soles.

Only the male black lemur (L. macaco) is complete-
ly black. Females have a white ruff around their black
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face and a white chest. The rest of the female’s body is
reddish brown. The mongoose lemur (L. mongoz) ex-
hibits similar sexual dimorphism. Although males and
females are both gray-brown in color, the females have
white cheeks and neck, while the males have red cheeks.
The widely occurring brown lemur (L. fulvus) is a stay-
at-home, rarely moving more than 300 ft (90 m) from its
territory, which consists of only a few trees. Within this
territory it tends to remain near the tops of the trees. It
may be active day or night.

The largest of the true lemurs is the ruffed lemur
(Varecia variegata) of eastern Madagascar. It may be 4 ft
(1.2 m) long from head to tail and weigh up to 6.5 1b (3
kg). Mostly a black animal, the long, shaggy fur of its
ruff may be white or reddish. Its back and part of its legs
are also white. Strangely, unlike the other true lemurs,
the ruffed lemur has a fairly short gestation period (about
100 days compared to 120-135 days for the other
species), and its offspring (often twins) are born too
weak to hang onto their mother. She places them in a
small fur-lined nest for at least three weeks.

The genus of so-called gentle lemurs (which are no
more gentle than other lemurs), Hapalemur, prefers a
watery habitat as well as forest. These lemurs live
among the reeds located by lakes, and are sometimes
good swimmers. They eat the soft heart, or pith, of the
reeds, and they also like sugarcane. The gentle lemurs
are more thickset than most lemurs. The broad-nosed
gentle lemur (H. simus) occurs in only three tiny popula-
tions and is close to extinction. The gray gentle lemur
(H. griseus) is more widespread but also endangered.

The sportive lemur (Lepilemur mustelinus) received
its name because, when threatened, it turns and raises its
arms as if preparing to box. In its dry habitat, this lemur
eats primarily prickly succulent plants that provide so lit-
tle nourishment that it eats its own feces to further digest
the food (this is known as coprophagy). Unlike most
lemurs, the sportive lemur lives a semi-solitary life, with
one male in a territory encompassing the smaller territo-
ries of several separated females. It is also the only true
lemur to have 32 teeth as an adult instead of 36. Recent
genetic studies have shown that the sportive lemurs, also
called weasel lemurs, of different areas in Madagascar
may actually be different enough from each other to repre-
sent seven species in a separate family, the Lepilemuridae.

Indris or leaping lemurs

The family Indriidae includes the woolly lemur or
avahi, the indri, and two sifakas. These prosimians have
only 30 teeth instead of the 36 found in most other
lemurs. When on the ground, these primates tend to walk
or leap upright.
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The indri (Indri indri) is the largest prosimian. Its
name comes from a misunderstanding. Early explorers
thought the natives were naming the animal when they
said, “indri, indri.” Instead, they were exclaiming,
“There it is” or “Look at that.” The indri is quite heavy,
weighing more than 13 Ib (6 kg) with a head plus body
27 in (69 cm) long. Unlike most prosimians, its tail is in-
significant. It is black and cream in color, with an alert,
humorous face. The cream color on its rump continues
on down the back of its legs. However, some individuals
do not have clear color differentiation. Indris live in
groups that continually sing (actually closer to a “howl”)
together, a sound that echoes through their tropical rain
forest. They are a protected species, which is fortunate
because they do not breed frequently. A female gives
birth only once in two or three years.

The sifakas (Propithecus) are soft, fluffy, and fairly
large, at least 40 in (102 cm) in length including their
long tail. Their whitish color is highlighted by a dark
face and crown. Their name is an interpretation of the
sound they commonly make. Sifakas often cling to ver-
tical tree trunks and have legs and feet specially adapted
for that position. Their legs are longer than their arms,
and the big toe is especially long and strong for grasp-
ing. The diademed sifaka (P. diadema) of eastern Mada-
gascar is quite rare and has not been studied to any ex-
tent; attempts to keep it in captivity have failed. The
more common Verreaux'’s sifaka (P. verreauxi) is a terri-
torial animal that marks its territory using glands locat-
ed on the throat. The single offspring is carried on the
mother’s stomach for several months before moving
onto her back.

The woolly lemur, or avahi (Avahi laniger), is the
smallest member of this family, being only about 12 in
(30 cm) long, plus an equally long tail, and weighing
about 1.5 1b (0.7 kg). Basically colored gray-brown, it
has lighter rings around its eyes. Its major food comes
from the mango tree, from which it eats leaves, buds, and
bark. Unlike the other indrids, the avahi is nocturnal, and
its social groups include only two or three individuals.

Aye-Aye, a superfamily of its own

The aye-aye (Daubentonia madagascariensis) is
placed in a family, Daubentoniidae, by itself. It was
given its friendly name by the first European to see it,
Pierre Sonnerat, from the sound it makes. Looking rather
like a squirrel with large eyes, it is about 3 ft (91 cm)
long including its bushy tail. It has short, white fur be-
neath dark brown and white-tipped coarser fur. One of
the prime reasons it is placed in a family by itself is that
it has only 18 teeth. Instead of a dental comb, it has front
incisors that, like a rodent’s, grow continuously.
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A ring-tailed lemur sits in a tree at the Lowry Park Zoo in
Florida. © Mark Phillips, Photo Researchers, Inc. Reproduced
with permission

Seen head-on, the aye-aye’s face looks triangular,
made so by its large pointed ears and sharply pointed nose
and chin. The aye-aye’s long grasping hands and feet have
an extra-long middle finger with a hooked claw. This flex-
ible digit is used clean insects from its fur and as a probe
to to scrape insect larvae, especially beetle grubs, from
holes in wood. It also uses the claw on its long middle fin-
ger as a cup for drinking and for scooping coconut meat
out of the shell. Aye-ayes lacks the toilet claw of other
lemurs. Aye-aye females apparently breed only every
other year or so. They are the only primates that have nip-
ples located on the abdomen instead of on the chest.

A larger aye-aye (D. robusta) became extinct proba-
bly less than 1,000 years ago. Daubentonia madagas-
cariensis was thought to be extinct after 1930, but was re-
discovered in 1957 in the eastern rainforest. The aye-aye
was once considered one of the most endangered mam-
mals in Madagascar, but scientists now believe that it is
elusive rather than very rare. The species is found in sever-
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al protected areas in Madagascar. An uninhabited island,
Nosy Mangabe, is a protected reserve for this species. In
the 1960s nine aye-ayes were captured and taken to this
island, where they have established a small population.

Threats to lemur survival

At least 14 species of Madagascar lemurs have be-
come extinct since humans colonized the island about
2,000 years ago. The remaining species are all in danger
of extinction as the human population continues to ex-
pand, requiring space, food, and firewood. Lemur
species that eat a relatively wide variety of food will be
more likely to survive as their habitat diminishes.

Lemurs are protected by Madagasy law, but they are
still often hunted as a delicacy. Some lemurs are killed
for superstitious reasons, but others are protected for the
same reasons. For example, some tribes believe the indri
takes on the souls of their ancestors, therefore they are
opposed to killing these lemurs. On the other hand, some
tribes regard the presence of an aye-aye near a village as
a signal of coming death, and they quickly kill these ani-
mals when they find them.

All lemurs need protection, and does their remain-
ing habitat. Some species can be bred in captivity. Suc-
cessful captive-breeding programs have been established
for the black lemur and the ruffed lemur, with the hope
of returning the offspring to Madagascar. Indris and aye-
ayes, on the other hand, have proved very difficult to
maintain, let alone breed, in captivity.
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KEY TERMS
Dental comb—A group of lower incisor teeth on
most prosimians that have moved together into a
horizontal position to form a grooming tool.

Diurnal—Refers to animals that are mainly active
in the daylight hours.

Grooming claw—A claw located on the second
hind toe of many prosimians, used for grooming
the fur.

Nocturnal—Active in or related to nighttime.

Rhinarium—The rough-skinned end of the snout,
usually wet in prosimians, indicating that smell is
important to them.

Sexual dimorphism—The occurrence of marked
differences in coloration, size, or shape between
males and females of the same species.
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Lens

In the field of optics, a lens is a device used for fo-
cusing or defocusing a beam of light. It is commonly
formed from a disk-shaped blank of transparent material,
such as glass, plastic, or fused quartz; both sides are
ground and polished, with at least one surface being pol-
ished with a curve. The word lens is derived from the
Latin word for lentil, since the shape of a lens resembles
the curved surface of a lentil bean.

Lenses are important in everyday life. Eyes have
lenses that can be adjusted by the ciliary muscles sur-
rounding the lens to provide a clear image of objects far
away or up close. The ability of the lens to change its
focal length diminishes with age, often requiring correc-
tion with external lenses (glasses or contact lenses).
Lenses are also used in optical instruments such as cam-
eras, telescopes, binoculars, microscopes, and lighthouse
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assemblies. Lenses come in many differing shapes, with
each surface being flat, concave, or convex.

Focusing, or convergence, occurs because the lens re-
fracts light, as is shown in figure la: parallel rays enter
the convex lens from the left and, since light travels more
slowly through the lens than through air, the rays are bent
toward the optical axis that runs through the center of the
lens. The rays come together at a point in space that is
separated from the lens by the focal length (f). Calculating
f for a simple spherical lens (which has a curved surface
with a spherical shape) is done using the simple formula

1 1+ 1 )
o Tl 12
where 7 is the refractive index of the glass, and r/

and r2 are the radii of curvature of the first and second
surfaces respectively. The radius value is positive if the
surface is concave and negative if convex. From this for-
mula, it is apparent that reducing the radius of curvature
of one or both surfaces will shorten the focal length. Flat
surfaces have an infinite radius of curvature and there-
fore do not contribute to focusing. Figure 1b shows the
effect of concave surfaces on the focusing of light: the
parallel rays entering the lens are bent away from the op-
tical axis and are said to diverge. In this case the lens is
called a negative lens. (Note that divergence of the rays
is such that they seem to emanate from a point that is one
focal length behind the lens.)

(-1) (

Lenses are important because they can be used to form
an image of an object. There are two types of images that
may be formed. The first is the real image, which is formed
on the side of a lens away from the object and can be pro-
jected onto viewing screen. The second is a virtual image,
which is formed on the object side of the lens and cannot
be projected on a screen; however, the virtual image can be
viewed by looking into the lens, as with a microscope. The
size, position, magnification, and type of image formed by
a positive lens depend on the position of the object relative
to the focal length. When the object is located two focal
lengths away from the lens, the image is real, inverted, and
the same size as the object (figure 2a). If an object is
moved further away, the image becomes smaller (figure
2b). If the object is moved closer, then the image becomes
larger (figure 2¢) until the separation is one focal length. If
the object is placed less than one focal distance away from
the lens, then a virtual, magnified, upright image is formed
(figure 2d). Negative lenses always form a virtual image
which is smaller than the object (figure 2e). The position of
the image is calculated using the simple equation

1 over 0o"+1 overi" ="1 over f

where o is the distance between the object and the
lens and / is the location of the image. A negative value
of I indicated that the image is virtual.
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Figure 1. lllustration by Hans & Cassidy. Courtesy of Gale Group.

Single lenses may cause several types of aberration,
such as chromatic or spherical aberration, which tend to
distort an image. For instance, chromatic aberration oc-
curs because the refractive index depends on the wave-
length, and so the lens has a different focal length for
different wavelengths. Since the human eye detects light
over a large range of wavelengths, chromatic aberration
causes the colors of the image to separate and blur. This
distortion can be corrected using a compound lens (an
achromatic pair), in which the chromatic aberration of
the first lens is compensated for by the second. A com-
pound lens is usually a pair of lenses glued together in
which the two inner surfaces have the same radius of
curvature. Spherical aberration, a distortion caused by
the spherical shape of the lens, can be reduced by using
special combinations of spherical lenses or by using a
lens with a different profile. For instance, a lens with a
parabolic profile is used instead of a spherical lens to
focus a laser beam on a very fine point.

The f-number of a lens is given by the ratio of the
focal length of the lens to the aperture, the opening
through which light passes. A lens with a large aperture
has a small f-number and therefore lets more light
through than a smaller diameter lens. Aberrations be-
come increasingly noticeable as the f-number decreases;
thus the design of a low f-number lens system is more
complex because there are more aberrations in the sys-
tem that must be reduced. The recent introduction of
computers to lens system design has helped produce new
systems that perform better than systems designed using
the older design techniques.
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Figure 2. lllustration by Hans & Cassidy. Courtesy of Gale Group.
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converging lens

diverging lens

Two basic types of lens shapes with light ray projections. A
converging lens is thicker in the middle. A diverging lens is
thicker at the edges. lllustration by Argosy. The Gale Group.

Many optical instruments require the use of several
lenses, firmly held together and relative to one another;
such assemblies are called lens systems. The simplest
lens system is the telescope, which consists of two lens-
es, a large diameter objective that gathers as much light
as possible, and a smaller eyepiece that aligns the rays of
light in order to allow the eye to see the image. The mag-
nification of the telescope is equal to the ratio of the focal
lengths of these two lenses. More complex lens systems
can be found in the field of photography, either as cam-
era lenses or in enlarging machines. A camera lens is es-
sentially a positive lens that produces a real image at the
film plane; however, because of aberrations and the need
for different magnifications, most camera lens systems
have multiple elements. Wide-angle lenses have an angle-
of-view of 90° to 140° (180° for fisheye lenses) and show
considerable distortion, particularly around the edges.
Standard camera lenses have an angle-of-view of 50° to
60° and telephoto lenses have an angle-of-view of 20° to
40°. Both of these lenses show less distortion. The tele-
photo lens is designed to give a long effective focal
length (in the range of 85mm-300mm) without the bulk
of a long focal length lens; for example, a 200mm tele-
photo lens system uses several lenses to produce the 200
mm effect without being four times as long as a 50mm
system. Zoom lenses contain elements that can be moved
relative to the others in order to change the focal length of
the combination, and so a single lens system can take the
place of many. However, since the zoom lens system is
not optimized for any set focal length, the image is often
not as good as that provided by a fixed focal length lens.

The term lens can also be applied to devices that
control the divergence of beams other than light beams.
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Aberration—A distortion or defect in an image
formed by a lens.

Magnification—The ratio between the size of an
image seen using an optical instrument and the
size of the image seen with the naked eye. A mag-
nification of 10 means that the image is 10 times
larger than it would have been if seen unaided.
Optical axis—An imaginary line running through
the center of an optical system, to which all opti-
cal elements are aligned.

Parabolic lens—A lens where the curved surface,
or surfaces, can be described by a parabola which
is rotated in space. The parabolic lens is used to
reduce spherical aberration.

Refraction—The bending of light that occurs
when traveling from one medium to another, such
as air to glass or air to water.

Refractive index—(characteristic of a medium)
Degree to which a wave is refracted, or bent.

Spherical lens—A lens where the curved surface
is part of a spherical surface. This is the simplest
type of lens to manufacture.

For instance, a magnetic lens is used to focus beams of
charged particles (such as electrons and protons) and can
be found in particle accelerators and television tubes.
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Leopard see Cats

Leprosy

Leprosy, also called Hansen’s disease, affects 10-12
million people worldwide. Caused by an unusual bacteri-
um called Mycobacterium leprae, leprosy primarily af-
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Leprosy

Leprosy. CNRI/Phototake NYC. Reproduced by permission.

fects humans. Leprosy is found in tropical areas, such as
Africa, South and Southeast Asia, and Central and
South America. In the United States, cases of leprosy
have been reported in areas of Texas, California,
Louisiana, Florida, and Hawaii. Leprosy can take many
forms, but the most familiar form is characterized by
skin lesions and nerve damage. Although leprosy is cur-
able with various antibiotics, it remains a devastating ill-
ness because of its potential to cause deformity, especial-
ly in the facial features. Fortunately, antibiotic regimens
are available to treat and eventually cure leprosy, and
two different leprosy vaccines are being tested for effica-
cy in locations worldwide.

The cause of leprosy

M. leprae is an unusual bacterium for several reasons.
The bacterium divides very slowly; in some tests, re-
searchers have noted a dividing time of once every twelve
days. This differs from the dividing time of most bacteria,
which is once every few hours. M. leprae cannot be grown
on culture media, and is notoriously difficult to culture
within living animals. Because of these culturing difficul-
ties, researchers have not been able to investigate these
bacteria as closely as they have other, more easily cul-
tured, bacteria. Questions remain unanswered about M.
leprae; for instance, researchers are still unclear about
how the bacteria are transmitted from one person to anoth-
er, and are not sure about the role an individual’s genetic
make up plays in the progression of the disease.

Because M. leprae almost exclusively infects hu-
mans, animal models for studying leprosy are few. Sur-
prisingly, a few species of armadillo can also be infected
with M. leprae. Recently, however, wild armadillos
have been appearing with a naturally occurring form of
leprosy. If the disease spreads in the armadillo popula-
tion, researchers will not be able to use these animals for
leprosy studies, since study animals must be completely
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free of the disease as well as the bacteria that cause it.
Mice have also been used to study leprosy, but laborato-
ry conditions, such as temperature, must be carefully
controlled in order to sustain the infection in mice.

Scientists have been able to determine some facts
about M. leprae from their experiments. M. leprae is tem-
perature-sensitive; it favors temperatures slightly below
normal human body temperature. Because of this
predilection, M. leprae infects superficial body tissues
such as the skin, bones, and cartilage, and does not usually
penetrate to deeper organs and tissues. M. leprae is an in-
tracellular pathogen; it crosses host cell membranes and
lives within these cells. Once inside the host cell, the bac-
terium reproduces. The time required by these slow-grow-
ing bacteria to reproduce themselves inside host cells can
be anywhere from a few weeks to as much as 40 years.
Eventually, the bacteria lyse (burst open) the host cell, and
new bacteria are released that can infect other host cells.

Researchers believe that the bacteria are transmitted
via the respiratory tract. M. leprae exists in the nasal se-
cretions and in the material secreted by skin lesions of
infected individuals. M. leprae has also been found in
the breast milk of infected nursing mothers. M. leprae
may be transmitted by breathing in the bacteria, through
breaks in the skin, or perhaps through breast-feeding.

The leprosy continuum

Leprosy exists in several different forms, although
the infectious agent for all of these forms is M. leprae.
Host factors such as genetic make up, individual immu-
nity, geography, ethnicity, and socioeconomic circum-
stances determine which form of leprosy is contracted by
a person exposed to M. leprae. Interestingly, most people
who come in contact with the bacterium—about three-
fourths—never develop leprosy, or develop only a small
lesion on the trunk or extremity that heals spontaneously.
Most people, then, are not susceptible to M. leprae, and
their immune systems function effectively to neutralize
the bacteria. But one-fourth of those exposed to M. lep-
rae come down with the disease, which may manifest it-
self in various ways.

Five forms of leprosy are recognized, and a person
may progress from one form to another. The least serious
form is tuberculoid leprosy. In this form, the skin lesions
and nerve damage are minor. Tuberculoid leprosy is evi-
dence that the body’s cellular immune response—the
part of the immune system that seeks out and destroys
infected cells—is working at a high level of efficiency.
Tuberculoid leprosy is easily cured with antibiotics.

If tuberculoid leprosy is not treated promptly, or if a
person has a less vigorous cellular immune response to the
M. leprae bacteria, the disease may progress to a border-
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line leprosy, which is characterized by more numerous
skins lesions and more serious nerve damage. The most
severe form of leprosy is lepromatous leprosy. In this form
of leprosy, the skin lesions are numerous and cause the
skin to fold, especially the skin on the face. This folding
of facial skin leads to the leonine (lion-like) features typi-
cal of lepromatous leprosy. Nerve damage is extensive,
and people with lepromatous leprosy may lose the feeling
in their extremities, such as the fingers and toes. Contrary
to popular belief, the fingers and toes of people with this
form of leprosy do not spontaneously drop off. Rather, be-
cause patients can not feel pain because of nerve damage,
the extremities can become easily injured. Sometimes
these injuries are severe, and fingers and toes are cut off
by sharp objects which the patient cannot even detect.

Lepromatous leprosy occurs in people who exhibit
an efficient antibody response to M. leprae but an ineffi-
cient cellular immune response. The antibody arm of the
immune system is not useful in neutralizing intracellular
pathogens such as M. leprae; therefore, people who ini-
tially react to invasion by M. leprae by making antibodies
may be at risk for developing more severe forms of lep-
rosy. Researchers are not sure what determines whether a
person will react with a cellular response or an antibody
response; current evidence suggests that the cellular im-
mune response may be controlled by a special gene. If a
person has this gene, he or she will probably develop the
less severe tuberculoid leprosy if exposed to M. leprae.

Treatment of leprosy

Treatments for leprosy have improved considerably
over the past 40 years. In fact, some experts believe that
the drug regimens being tested in various trials through-
out the world (including the United States) may eradicate
leprosy completely by the year 2000. Beginning in the
1950s, an antibiotic called dapsone was used to treat lep-
rosy, offering the first hope of a cure for persons with the
disease. Dapsone’s main disadvantage was that the pa-
tient had to take the medication daily throughout his or
her lifetime. In addition, the M. leprae in some patients
underwent genetic mutations that rendered it resistant to
the antibiotic. In the 1960s, the problem of resistance was
tackled with the advent of multidrug therapy. Bacteria are
less likely to become resistant to several drugs given in
combination. The new multidrug treatment time was also
considerably shorter-typically about four years. Current-
ly, researchers are experimenting with a new drug combi-
nation which includes an antibiotic called oflaxicin.
Oflaxicin is a powerful inhibitor of certain bacterial en-
zymes that are involved in DNA coiling. Without these
enzymes, the M. leprae cannot copy the DNA properly
and the bacteria die. The treatment time for this current
regimen is about four weeks—the shortest time so far.
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Antibody response—The part of the immune sys-
tem that marks foreign cells, such as bacteria, for
destruction by other immune cells.

Cellular immune response—The part of the im-
mune system that destroys infected cells.

Lepromatous leprosy—The most severe form of
leprosy, characterized by numerous lesions and
extensive nerve damage.

Resistance—In bacteria, the acquisition of genetic
mutations that render the bacteria invulnerable to
the action of antibiotics.

Tuberculoid leprosy—The least severe from of
leprosy, characterized by a few skin lesions and
little nerve damage.

One risk of treatment, however, is that antigens-the
proteins on the surface of M. leprae that initiate the host
immune response—are released from the dying bacteria.
In some people, when the antigens combine with antibod-
ies to M. leprae in the bloodstream, a reaction called ery-
thema nodosum leprosum may occur, resulting in new le-
sions and peripheral nerve damage. Some leprosy experts
are experimenting with the drug thalidomide to treat this
reaction, with good results. But because thalidomide
causes severe birth defects, women of childbearing age
must be carefully monitored while taking the drug.

A leprosy vaccine?

A promising development in the treatment and man-
agement of leprosy is the preliminary success shown by
two different vaccines. One vaccine being tested in
Venezuela combines a vaccine originally developed
against tuberculosis, called Bacille Calmette-Guerin
(BCG), and heat-killed M. leprae cultured from infected
armadillos. The other vaccine uses a relative of M. lep-
rae called M. avium. The advantage of this vaccine, cur-
rently being tested in India, is that M. avium is easy to
culture on media and is thus cheaper than the Venezuelan
vaccine. Both vaccines have performed well in their clin-
ical trials, leading many to hope that a vaccine against
leprosy might be available as early as 1995.

See also Antibody and antigen.
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Leukemia

From the Greek words for white (leukos) and blood
(hemia), leukemia refers to abnormally shaped and func-
tioning leukocytes (white blood cells). Because the leuko-
cytes multiply at an uncontrolled and rapid rate, leukemia
is considered a cancer of the blood. Leukemia is neither
contagious nor infectious, nor acquired from the mother
prior to or during birth, but some researchers have sug-
gested genetic predispositions exist for rare forms of
leukemia, such as hairy-cell leukemia (HCL) that affects
lymphocytes. Emerging evidence links leukemia to the
Human T-Cell Lymphotropic Virus (HTLV), the Epstein-
Barr Virus (EBV), and even HIV, although causes and
risk factors are still poorly understood and fervently con-
tested among scientists. Current research points to the
cause of leukemia as a result of an acquired genetic injury
to the DNA of a cell, which then multiplies in its damaged
form until the disease state is reached.

Leukemia begins in the bone marrow and spreads
through the lymph and blood system to tissues, organs,
and sometimes testicles, brain, and spinal fluid. Leuko-
cytes normally attack, kill, and help to expel invading mi-
crobes, but the leukocytes of patients with leukemia are
abnormally shaped, increased in number, and immature
of development (termed lymphoblasts). As the lym-
phoblasts multiply and spread, they outnumber and over-
whelm the erythrocytes that transport oxygen and carbon
dioxide in opposite directions, and hamper the function
of platelets (thrombocytes), which help blood to clot.
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History

In 1827, French physician Alfred Velpeau autopsied
the body of a man who had experienced fever, weakness,
pain, pus-filled blood, and headaches, and whose spleen
weighed 10 1Ib (4.5 kg). Twelve years later, two more
French physicians reported similar cases of fever, weak-
ness, and enlarged organs, but suggested that the “pus-
filled blood” actually contained white blood cells, or
leukocytes. Scottish physicians found leukocytes when
they conducted several more autopsies in 1845, including
a man whose liver and spleen weighed 11 1b (4.9 kg) and
8 1b (3.6 kg), respectively. Also in 1845, German patholo-
gist Rudolph Virchow coined a new term, weisses blut
(white blood) to describe an imbalance between leuko-
cytes and red blood cells, or erythrocytes. In 1890, anoth-
er German physician, Paul Ehrlich, discovered that leuko-
cytes varied by shape, kind, and function. In 1910, the
same year that he discovered Salvarsan, the first “magic
bullet” used against syphilis, Ehrlich discovered the poi-
sonous extracts of mustard plants that were eventually de-
veloped into the first biological weapons. When inhaled,
these “mustard gases” badly damaged lymph glands and
the bone marrow, where white blood cells originate.

The French physicist Pierre Curie had weakness and
swollen organs and glands until he was killed in 1906 by a
horse-drawn carriage. In 1903, he and his Polish wife,
Marie Curie (along with Henri Becquerel) shared the
Nobel Prize in Physics. Following her discovery of the
highly radioactive materials radium and polonium (she
coined the term “radioactivity”), Marie Curie pioneered
the battlefield use of primitive x-ray machines (protected
only by fabric gloves and a thin metal screen) to locate
bullets and shrapnel in wounded soldiers. Curie died in
1934 after experiencing the same pain and headaches, fa-
tigue, swollen glands and organs—as did her daughter and
son-in-law. Neither scientist linked his or her symptoms to
the burns they experienced with each exposure to radium.

When Velpeau first peered through his microscope
in 1827 at his “globules of pus in the blood,” he was ac-
tually seeing leukemia, a disease name given by Virchow
in 1847. The fevers, headaches, engorged glands, and
swollen organs that those French, German and Scottish
patients had developed, and the cause of Marie Curie’s
death, were leukemia. The disease that the American re-
searchers were trying in 1942 to treat with highly toxic
chemical therapies (nitrogen mustard), in extension of
Ehrlich’s earlier work with mustard plant extracts, was
also leukemia.

Leukemia types and treatment

Leukemia specialists recognize four types of the dis-
ease. Distinctions between acute and chronic stages of
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leukemia depend upon the number and ratio of lym-
phoblasts (immature leukocytes), erythrocytes, and
thrombocytes (platelets). Acute myeloid leukemia
(AML) and acute lymphocytic leukemia (ALL) were di-
agnosed in 13,200 Americans in 1999, whereas chronic
lymphocytic leukemia (CLL) and chronic myeloid
leukemia (CML) accounted for 12,300 more cases in the
same year. Another 4,600 Americans were diagnosed
with rare forms such as erythroleukemia (affecting red
blood cells), hairy-cell leukemia (HCL) and monocytic
leukemia. Patients with leukemia can experience throm-
bocytopenia (insufficient platelets), which causes inter-
nal bleeding and excessive bruising, anemia (insufficient
erythrocytes), which results in weakness, pale complex-
ion, and dizziness due to insufficient oxygen, and
leukopenia (insufficient disease-fighting leukocytes),
which allows recurrent fevers and infections.

Due to increased skills, new technologies, and
greater public awareness, more leukemia cases are being
diagnosed. Leukemia accounts for nearly one-third of all
new cases of cancer in children, but most cases are diag-
nosed in adults. Five-year survival rates for most forms
of leukemia have dramatically risen, from roughly 5% in
the early 1960s to 38% by the mid-1970s and 1980s.
After diagnosis, greater than 40% of all patients with
leukemia now survive for at least five years.

Researchers suspect that genetic, behavioral, and es-
pecially environmental factors cause leukemia. Morbidi-
ty (sickness) and mortality (death) rates vary greatly by
gender, race, ethnicity, geography, and socioeconomic
class. Forms of ionizing radiation, such as what Japan-
ese survivors of atomic bombing experienced, are impli-
cated strongly in three major forms of leukemia, but non-
ionizing forms of radiation (present in electricity) have
also been linked to leukemia’s epidemiology, or disease
patterns across time. Exposure to benzene, which occurs
in petroleum, chemical, shoe, and rubber manufactur-
ing, and in painting and printing, correlates strongly to
leukemia, but its use has been banned in the United
States since 1945, although it is used elsewhere. Long-
term exposure to agricultural fertilizers and infectious
agents associated with livestock, pesticides, and diesel
fuel and exhaust, have all been suggested as risk factors
for the development of leukemia.

Both improved and new therapies have greatly re-
duced morbidity and mortality from leukemia. The hor-
mone erythropoietin, for example, helps oxygen-carrying
erythrocytes to multiply, which might help to treat some
leukemia-caused anemias. Standard treatment options
range from chemotherapy to biological therapies, from
surgery to radiation, from radiation and chemotherapy
combined to marrow stem cell transplantation. Surgery
can be used to remove swollen and enlarged lymph nodes
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Close up of bone marrow in chronic lymphocytic leukemia
cells. © Biophoto Associates, Science Source/Photo Re-
searchers. Reproduced by permission.

or organs such as the spleen that cause severely decreased
platelets in the bone marrow and bloodstream. Drug ther-
apy is usually the first option, and the ultimate goal is
complete remission, in which no lymphoblasts are seen in
the blood and bone marrow is normal. Biotherapy (im-
munotherapy) works with synthesized forms of naturally
occurring substances in the body (interferon and inter-
leukins) to disrupt the multiplication and spread of imma-
ture cells (lymphoblasts). Homeopathic remedies treat
leukemia as a character trait, as the body’s expression of
an insult to the system. Due to earlier detection and im-
proved therapies, leukemia is no longer considered a vir-
tual death sentence, and many people remain in remission
decades after treatment.

See also Lymphatic system.
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Lewis structure

KEY TERMS

Lymphoblast—Immature white blood cells.

Lymphocyte—White blood cells that originate in
the spongy tissue of the bone marrow.

Marrow stem cell—Immature blood-forming
cells, normally fewer than one in 100,000 of the
cells in the bone marrow.

Remission—A period of time when neither disease
causes nor associated symptoms can be found.

<http://www.france.diplomatie.fr/label_france/index/gb/
sciences-technoO1.html>

Lawrence Hammar
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Lewis structure

Lewis structures (also called electron-dot structures)
are formed when Lewis symbols (also called electron-
dot symbols) are combined. Lewis symbols are a simple
way of visualizing the valence electrons in an atom. In a
Lewis symbol, the symbol for the element is used to rep-
resent the atom and its core electrons. Dots placed
around the atom are used to indicate the valence elec-
trons. When combined to form Lewis structures, Lewis
symbols make it possible to predict the shape of many
molecules and ions. This information is particularly use-
ful as many physical and chemical properties of mole-
cules and ions are dependent on their shape.

Subsequent to the discovery of the nuclear atom and
electrons, many theories were proposed to explain the na-
ture of chemical bonding in molecules using electrons. In
1916, Gilbert Newton Lewis, an American chemist, sug-
gested that molecules were formed when atoms shared
pairs of outer electrons. He also made the assumption that
unshared electrons were found in pairs and proposed that
the arrangement of eight electrons around an atom was a
particularly stable configuration. In 1919, another Ameri-
can chemist named Irving Langmuir, noted that Lewis’
proposed theory accounted particularly well for the
chemical facts known at that time. He suggested the name
“covalent bond” for a pair of shared electrons. Lewis’ the-
ory, although very useful, did not explain why or how
electrons were shared, and covalent bonds were not well
understood until quantum theory was developed.
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In a neutral atom, the number of protons in the nu-
cleus equals the number of electrons around the nucleus.
The electrons are assigned energy levels based on quan-
tum theory. The closer the electrons are to the nucleus,
the more tightly they are bound. These tightly bound
electrons are difficult to remove from the atom and are
called the “inner-core electrons.” The electrons in the out-
ermost layer (those that are furthest from the nucleus) are
most loosely bound. The closest analogy to the electrons
in an atom is students in an auditorium. The students in
the rows near the front are closest to the lecturer. It is dif-
ficult for these students to misbehave or fall asleep as the
lecturer can keep a close eye on these students. As stu-
dents sit farther and farther away from the lecturer, it is
more difficult for the lecturer to notice what they are
doing and it is even possible for a student at the back of
the auditorium to leave without the lecturer noticing.
Similarly, as electrons are placed in energy levels farther
and farther from the nucleus, it is easier for them to leave
the atom or to react. The electrons in the outermost ener-
gy level are called valence electrons. According to quan-
tum mechanics, the outermost level can hold at most
eight electrons. In the periodic table, these electrons are
filled (usually in order) in the first and second columns
and then the last six columns. The first and second
columns are called the ““s block™ and the last six columns
are called the “p block” respectively, denoting the shape
of the 7most likely to contain these electrons.

In the Lewis symbol for an element in the s or p
block, the number of valence electrons is indicated by
dots placed around the symbol for the element. No elec-
tron is paired until four single electrons have been
placed. Then, electrons are paired until eight electrons
have been placed. The dots are usually placed on top, to
the right, below, and to the left of the symbol. The order
in which they are placed is unimportant. According to
Lewis, the number of unpaired electrons indicated the
number of bonds the atom usually formed in a com-
pound. Using the second row of the periodic table as an
example, lithium (having one unpaired electron) would
form one bond, beryllium (having two unpaired elec-
trons) would form two bonds, boron (having three un-
paired electrons) would form three bonds, and carbon
(having four unpaired electrons) would form four bonds.
After carbon, nitrogen has only three unpaired electrons
(as the fifth electron forms a pair with one of the other
electrons) and hence forms only three bonds. Similarly,
oxygen forms only two bonds and fluorine forms only
one bond. Neon (and all the elements in that last column)
have eight electrons, all paired, and hence it was predict-
ed that these elements would not form any bonds (a fact
that was observed until very recently when some of the
elements in the last column were forced to react under
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extreme conditions). This lack of reactivity on the part of
the elements in the last column (called the inert or noble
gases), led to the observation that it was highly desired
to have eight electrons around the atom. The noble gases
are said to have a stable octet configuration.

Lewis structures are formed when two or more
Lewis symbols are combined. One unshared electron
from each atom combines to form a pair of electrons
shared between two atoms. This shared pair is called a
covalent bond. Electrons in a covalent bond are also
known as a bonding pair. If an atom has electrons that are
in pairs but are not shared with another atom, these elec-
tron pairs are called lone pairs, unshared pairs, or non-
bonding electrons. For example, hydrogen has one elec-
tron and chlorine has seven electrons in the form of three
pairs and one lone electron. The lone electron of hydro-
gen can pair with the lone electron of chlorine to form a
bonding pair of electrons and thus a covalent bond be-
tween hydrogen and chlorine. The chlorine, as a result,
has one bonding pair and three lone pairs (a total of eight
electrons), while hydrogen has one pair of bonding elec-
trons. If Lewis structures are drawn for many other mole-
cules, it can be seen that most atoms in stable molecules
or ions, with the exception of hydrogen, acquire eight
electrons in their outermost valence level. As mentioned
previously, this is the stable octet configuration possessed
by the noble gases. This observation led to the develop-
ment of the “octet rule” that each atom, with the excep-
tion of hydrogen, strives to acquire eight electrons in its
valence shell. There are, however, a number of fairly
common and important exceptions to this rule.

The above-mentioned method is easy to follow
when only two atoms are combined to make a molecule.
When more than two atoms are combined, it is easier to
follow a simple procedure when constructing the Lewis
diagram. The first step is to write the atoms in the mole-
cule in the order in which they are joined to one another.
In general, hydrogen forms only one bond, and oxygen
only bonds to another oxygen in peroxides. Although
there are exceptions, two generally accepted methods of
writing the formula for a compound are used. The first is
used when there is one atom with many other atoms at-
tached to it. In this case, the central atom is usually writ-
ten first, followed by the atoms that are attached to it.
The second is used when there are multiple structures
possible or when there is more than one central atom. In
this case, the formula is written in the order in which the
atoms are joined. Once the skeleton structure of the mol-
ecule is known, it is necessary to count the total number
of valence electrons. This can be done by adding the
number of valence electrons present in each element in
the compound. If the Lewis structure of an ion (a
charged species) is being determined, it is also necessary
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Lewis structures depict the distribution of valence electons
and the net formal charge. lllustration by Argosy. The
Gale Group.

to account for the charge of the ion. If the ion has a neg-
ative charge, a number of electrons equaling the numeri-
cal charge of the ion are added to the total number of
electrons. If the ion has a positive charge, a number of
electrons equaling the numerical charge of the ion are
subtracted from the total number of electrons. Once the
total number of electrons is known, the electrons are
placed around the atoms in the Lewis structure. First,
two electrons are placed between any two atoms that are
joined to create a covalent bond or a bonding pair. Re-
maining electrons are distributed so that each atom ac-
quires an octet (eight) of electrons.

In many cases, the above procedure provides a Lewis
structure that can be used to determine much information.
However, occasionally, there are insufficient electrons to
provide each atom with an octet of electrons. If this is the
case, it may be necessary to consider multiple bonding. In
a multiple bond, two atoms share more than one pair of
electrons. If two pairs of electrons are shared between
atoms, the bond between the atoms is called a “double
bond.” If three pairs of electrons are shared between atoms,
the bond is called a “triple bond.” If a molecule has double
or triple bonds, it is possible that alternate structures are
possible. These alternate structures are called “resonance
structures” and involve different but viable arrangements
of electrons between the atoms in the molecule or ion. It is
important to note here that only the arrangement of the
electrons differs. The arrangement of the atoms must stay
the same. When there are a number of resonance struc-
tures, the true structure is none of the resonance structures,
but is said to be a hybrid of the resonance structures. Alter-
natively, there are many molecules that end up having an
excess number of electrons. Usually, excess electrons are
positioned around the central atom and the central atom in
such a molecule or ion is usually sulfur or an element
higher in atomic number than sulfur. Finally, it is also
possible, especially in the case where there is a nitrogen
atom in the molecule, that there will be an odd number of
electrons. In such cases, one electron remains unpaired.
Such species are called radicals or free radicals. They are
very reactive and have important roles in atmospheric
chemistry, the chemistry of aging, and in cancer.
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Lice

KEY TERMS

Bonding pair—The pair of electrons shared be-
tween two atoms to form a bond is called a bond-
ing pair.

Covalent bond—A chemical bond formed when
two atoms share a pair of electrons with each other.

Double bond—A covalent bond consisting of two
pairs of shared electrons that hold the two atoms
together.

Free radical—A free radical or radical is a species
in which there is an unpaired electron. Free radi-
cals are extremely reactive.

Lewis symbol—Lewis symbols are combined to
form the Lewis structure. In a Lewis symbol, the
symbol of the element represents the nucleus and
the core electrons. Dots placed around the symbol
of the element represent the valence electrons.

Once the Lewis structure has been determined, it is
possible to know the shape of the molecule or ion. The
most important piece of information needed to determine
the shape is the total number of groups around the central
atom, where a group could be another atom or a lone pair.
A central atom connected to one or two other atoms is
linear. When the central atom is connected to three atoms,
the shape is trigonal planar. When the central atom is con-
nected to four atoms, the shape is tetrahedral. When the
central atom is connected to five atoms the shape is trigo-
nal bipyramidal (two triangular-based pyramids joined at
the base). When the central atom is connected to six
atoms, the shape is octahedral. Other shapes are possible
when atoms are replaced with lone pairs.

Resources
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Leyden jar see Electrostatic devices

Lice

Lice are small, wingless, biting or sucking insects,
many of which are ecto-parasites. There are about 3,000
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Lone pair—A pair of electrons located around an
atom but not shared with another atom is called a
lone pair, an unshared pair or a non-bonding pair.

Neutral—Having neither a positive charge nor a
negative charge.

Octet rule—The octet rule states that all atoms,
with the exception of hydrogen, strive to acquire
eight electrons in their valence shell.

Stable octet configuration—Any atom that has
eight electrons in its valence shell is said to have a
stable octet configuration.

Triple bond—A triple bond is formed when three
pairs of electrons are shared between two atoms.

Valence electrons—The electrons in the outermost
shell of an atom that determine an element’s chem-
ical properties.

species of lice in the orders Mallophaga and Anopleura.
The Anopleura are sucking lice, which are parasites of
mammals, and which feed only on blood. The Mal-
lophaga are chewing or biting lice, and are primarily
pests of birds, feeding on skin and feathers.

Most species of lice are specific to one or a few relat-
ed species of host animals, and lice cannot survive away
from their appropriate hosts. Lice are generally spread
from host to host by direct body contact, or through
shared clothing or bedding (in the case of human lice).

Both orders of lice have direct development, in
which the eggs hatch into nymphs that look like minia-
ture versions of the adult. Lice have a flattened body and
poorly developed eyes, or no eyes at all.

Most lice commonly occur in the fur or feathers of
their warm-blooded hosts. These lice have specialized,
hook-like appendages on their relatively short legs for se-
curing these parasitic insects onto the body of their hosts.

Lice on humans

Three species of lice occur as parasites on humans.
These lice are blood suckers, and they can be discon-
certingly abundant under unsanitary conditions. The
human louse, Pediculus humanus, occurs as two races,
which feed on different parts of the body. The head
louse, capitis race, occurs in the hairs of the head, to
which it attaches its whitish eggs, also known as “nits.”
The body louse corporis race, also known as the
“cootie,” feeds on the human body, and hides and lays its
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A chewing louse. JLM Visuals. Reproduced by permission.

eggs in clothing. Bites from human lice are irritating,
and they can become infected. Human lice are also im-
portant as vectors of some deadly diseases, such as ty-
phus, relapsing fever, and trench fever, which are trans-
mitted to humans through scratching the bodies or feces
of infected lice into the skin.

The crab louse Phthirus pubis is another parasite of
humans, which occurs in the coarser hair of the under-
arms and genital area.

Lice infestations of humans are still commonly
treated by dusting the body with an insecticide such as
DDT, which is still the preferred chemical for this rela-
tively restricted usage. Clothing may also be washed in
an insecticidal solution, and living areas must be fumi-
gated with an insecticide or steam. The eggs of head lice
are relatively resistant to many chemical treatments, and
they may have to be removed using a fine-toothed comb,
and then killed by crushing between the fingernails. This
meticulous, pest-control procedure is sometimes known
as “nit-picking.”

Lice on other animals

Poultry lice include the chicken shaft louse, Meno-
pon gallinae, the chicken body louse, Menacanthus
stramineus, the chicken head louse, Cuclotogaster het-
erographa, and the large turkey louse, Chelopistes me-
leagridis. These pests feed by chewing the skin or feath-
ers of poultry, causing the birds discomfort and aggrava-
tion, and sometimes resulting in unfeathered patches of
skin. As a result, the birds lay relatively few eggs, grow
poorly, and are susceptible to stress-induced diseases.
Young chickens can be killed by louse infestations,
while adults may develop a droopy-wing symptom.

Wild birds have a different type of lice, such as the
louse, Esthiopterum crassicorne, which is a parasite of the
blue-winged teal, Anas discors, a native species of duck.

GALE ENCYCLOPEDIA OF SCIENCE 3

The cow-biting louse, Bovicola bovis, chews on the
skin and hair of cattle, causing great discomfort to these
animals. The horse-biting louse, B. equi, and dog-biting
louse, Trichodectes canis, are other examples of chewing
lice that infect mammals.

Most lice that parasitize agricultural mammals are
the anopleuran, blood sucking kinds. The short-nosed
cattle louse, Haematopinus eurysternus, can occur in in-
festations serious enough to make animals weak and
anemic from blood loss. Related lice include the pig
louse, H. suis, and horse-sucking louse, H. asini. The
sheep-sucking body louse, Linognathus ovillus, long-
nosed cattle louse, L. vituli, and dog-sucking louse, L.
setusus are other pests of domestic animals.

Lichens

Lichens are an intimate symbiosis, in which two
species live together as a type of composite organism.
Lichens are an obligate mutualism between a fungus my-
cobiont and an alga or blue-green bacterium phycobiont.

Each lichen mutualism is highly distinctive, and can
be identified on the basis of its size, shape, color, and
biochemistry. Even though lichens are not true “species”
in the conventional meaning of the word, lichenologists
have developed systematic and taxonomic treatments of
these mutualisms.

The fungal partner in the lichen mutualism gains im-
portant benefits through access to photosynthetic prod-
ucts of the alga or blue-green bacterium. The phycobiont
profits from the availability of a relatively moist and pro-
tected habitat, and greater access to inorganic nutrients.

Lichen biology

The most common fungi in lichens are usually species
of Ascomycetes, or a few Basidiomycetes. The usual algal
partners are either species of green algae Chlorophyta or
blue-green bacteria of the family Cyanophyceae. In gener-
al, the fungal partner cannot live without its phycobiont,
but the algae is often capable of living freely in moist soil
or water. The largest lichens can form a thallus up to 3 ft
(1 m) long, although most lichens are smaller than a few
inches or centimeters in length. Lichens can be very color-
ful, ranging from bright reds and oranges, to yellows and
greens, and white, gray, and black hues.

Most lichens grow very slowly. Lichens in which
the phycobiont is a blue-green bacterium have the ability
to fix nitrogen gas into ammonia. Some lichens can
commonly reach ages of many centuries, especially
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Lichens

British soldiers (Cladonia cristatella), a species of lichen. JLM Visuals. Reproduced by permission.

species living in highly stressful environments, such as
alpine or arctic tundra.

Lichens can grow on diverse types of substrates.
Some species grow directly on rocks, some on bare soil,
and others on the bark of tree trunks and branches.
Lichens often grow under exposed conditions that are
frequently subjected to periods of drought, and some-
times to extremes of hot and cold. Lichen species vary
greatly in their tolerance of severe environmental condi-
tions. Lichens generally respond to environmental ex-
tremes by becoming dormant, and then quickly becom-
ing metabolically active again when they experience
more benign conditions.

Lichens are customarily divided into three growth
forms, although this taxonomy is one of convenience,
and is not ultimately founded on systematic relation-
ships. Crustose lichens form a thallus that is closely ap-
pressed to the surface upon which they are growing. Fo-
liose lichens are only joined to their substrate by a por-
tion of their thallus, and they are somewhat leaf-like in
appearance. Fruticose lichens rise above their substrate,
and are much branched and bushy in appearance.

Most lichens regenerate asexually as lichen sym-
bioses, and not by separate reproduction of their myco-
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biont and phycobiont. Reproduction is most commonly
accomplished by small, specialized fragments of thallus
known as soredia, consisting of fungal tissue enclosing a
small number of algal cells. The soredia generally origi-
nate within the parent thallus, then grow out through the
surface of the thallus, and detach as small bits of tissue
that are dispersed by the wind or rain. If the dispersing
soredium is fortunate enough to lodge in a favorable mi-
croenvironment, it develops into a new thallus, genetical-
ly identical to the parent.

Uses of lichens

Because they are capable of colonizing bare rocks
and other mineral substrates, lichens are important in
soil formation during some ecological successions. For
example, lichens are among the first organisms to colo-
nize sites as they are released from glacial ice. In such
situations lichens can be important in the initial stages of
nitrogen accumulation and soil development during post-
glacial primary succession.

Lichens are an important forage for some species of
animals. The best known example of this relationship in-
volves the northern species of deer known as caribou or
reindeer (Rangifer tarandus) and the so-called reindeer
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KEY TERMS
Mutualism—A mutually beneficial relationship
between species.

Symbiosis—A biological relationship between
two or more organisms that is mutually beneficial.
The relationship is obligate, meaning that the part-
ners cannot successfully live apart in nature.

Thallus—A single plant body lacking distinct stem,
leaves, and roots.

lichens (Cladina spp.) that are one of their most impor-
tant foods, especially during winter.

Some species of lichens are very sensitive to air pol-
lutants. Consequently, urban environments are often
highly impoverished in lichen species. Some ecologists
have developed schemes by which the intensity of air
pollution can be reliably assayed or monitored using the
biological responses of lichens in their communities.
Monitoring of air quality using lichens can be based on
the health and productivity of these organisms in places
variously stressed by toxic pollution. Alternatively, the
chemical composition of lichens may be assayed, be-
cause their tissues can effectively take up and retain sul-
fur and metals from the atmosphere.

Some lichens are useful as a source of natural dyes.
Pigments of some of the more colorful lichens, especial-
ly the orange, red, and brown ones, can be extracted by
boiling and used to dye wool and other fibers. Other
chemicals extracted from lichens include litmus, which
was a commonly used acid-base indicator prior to the
invention of the pH meter.

Some of the reindeer lichens, especially Cladina
alpestris, are shaped like miniature shrubs and trees.
Consequently, these plants are sometimes collected,
dried, and dyed, and are used in “landscaping” the lay-
outs for miniature railroads and architectural models.

In addition, lichens add significantly to the aesthet-
ics of the ecosystems in which they occur. The lovely or-
ange and yellow colors of Caloplaca and Xanthoria
lichens add much to the ambience of rocky seashores
and tundras. And the intricate webs of filamentous
Usnea lichens hanging in profusion from tree branches
give a mysterious aspect to humid forests. These and
other, less charismatic lichens are integral components of
their natural ecosystems. These lichens are intrinsically
important for this reason, as well as for the relatively
minor benefits that they provide to humans.

See also Indicator species.
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Life history

Life history is an ecological term that refers to the
significant features of the life cycle of organisms and
their relationships with environmental conditions. Life
cycle refers to the sequence of discrete developmental
stages of an organism from their origin as gametes to
their eventual death. Life cycle also refers to the stages
through which generations of organisms pass from their
own origin through to their production of gametes to-
ward establishment of the succeeding generation.

Most ecological studies of life history focus on
strategies that influence survival and reproduction at the
levels of individuals, populations, or species. Studies of
this sort are relevant to the notion of adaptation or the
complex of biological and ecological traits that enhance
the persistence and reproductive success of organisms.
In this sense, life histories represent unique biological
solutions to the opportunities and difficulties provided
by the ecosystems and environments in which organ-
isms live. Each solution involves a complex of life-his-
tory traits involving allocations of limited resources of
energy, biomass, and time among various competing
attributes that may have significant effects on survival
and reproduction.

Many adaptational tradeoffs are associated with al-
ternative life-history possibilities. For example, for any
given expenditure of energy on reproduction, organisms
could potentially produce large numbers of relatively
small offspring or smaller numbers of larger offspring.
Depending on the ecological circumstances, each of
these life-history alternatives has potential benefits and
potential detriments.

For instance, the production of large numbers of
offspring is beneficial to the relatively short-lived
species of plants that are common in recently disturbed
habitats. These so-called ruderal plants are only suc-
cessful for a few years following disturbance, after
which they are eliminated from the vegetation by more
competitive species. Consequently, the ruderals have to
colonize newly disturbed sites on the landscape for the
species to survive over the longer term. Because colo-
nization is a very risky business, the chances of evolu-
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Ligand

tionary success of individuals and of persistence at the
metapopulation level, that is, of various populations on
the landscape, are enhanced if mature plants produce
large numbers of small seeds having physical character-
istics that enhance dispersal. These include an aerody-
namic shape as in dandelions and willows, a tendency to
stick to the fur of mammals like burs and ticks, and an
ability to pass unharmed through the gut of a large ani-
mal after being eaten with the fleshy fruit like cherries
and elderberries. In contrast, plants that inhabit relative-
ly mature and stable ecosystems such as forests may be
better served by producing relatively few but large,
well-provisioned seeds such as acorns and walnuts that
are better suited to perennating the species population in
predictable, local habitats.

A major sector of activity in ecology is composed of
diverse studies directed toward quantifying the benefits
and tradeoffs of life-history characteristics and under-
standing the survival, reproductive, and evolutionary
costs and benefits to individuals, populations, and the
species as a whole. This type of ecological research has
its own intrinsic interest and importance. However, these
life-history studies also allow ecologists to develop
deeper insights into the relationships between species
and their environments. This knowledge may eventually
be important in allowing humans to develop sensible
methods of utilizing the ecological resources that sustain
them and their societies.

See also Competition; Ecosystem; Evolution; Ex-
tinction.

Ligand

In inorganic chemistry, ligands are molecules or
electrically charged atoms (ions) which are bonded to
metal atoms or ions. The ligand changes the metal’s
ability to dissolve in or react with its surroundings. In
biochemistry, ligands are defined as molecules, usually

Ammonia

Ammonia

Silver

Figure 1. Two ligands (ammonia) each donate a pair of elec-
trons to bond with a silver ion. (N = nitrogen, H = hydrogen,
Ag = silver.) lllustration by Hans & Cassidy. Courtesy of

Gale Group.
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Figure 2. Geometric symmetry of ligands around metal. lllustration by Hans & Cassidy. Courtesy of Gale Group.
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Cisplatin Transplatin
an antitumor not medically
agent active

Figure 3. Geometric isomers have the same formulas but different symmetry and different properties. lllustration by Hans &

Cassidy. Courtesy of Gale Group.
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Figure 4. Two orbitals, A and B, have the same energy in the isolated atom. Ligands (L) approach closer to A than to B, hence

the energy of A rises and B falls. lllustration by Hans & Cassidy. Courtesy of Gale Group.
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protein, that change the biological activity of other mole-
cules by bonding with them. The inorganic meaning is
more common, and will be the subject of this article.

Structure and bonding

The bonding atoms of ligands are usually non-metal
elements such as oxygen, nitrogen, or chlorine.
Whether alone or in molecules such as water or ammo-
nia, these atoms have pairs of electrons that are not in-
volved in chemical bonds. The electron pairs can enter
the space around the metal atom and bond with it.

Thus, the metal and ligand are joined by a covalent
bond, consisting of two electrons shared between them.
However, both electrons are provided by the ligand it-
self.

Metal atoms or ions usually bond to two, four or six
ligands. These are arranged with geometric symmetry
around the central metal atom. The metal together with
its ligands are called a coordination compound. If the
structure has an overall electrical charge it is called a
complex ion.

Because of their shapes, there can be different coor-
dination compounds having exactly the same atoms and
bonds, but arranged differently. Such molecules are
called geometric isomers.

The different arrangement causes differences in phys-
ical properties such as color and melting temperature.
Geometric isomers also differ in their chemical reactions,
especially when these occur in living organisms. That is
because the molecules which make up living things are
themselves usually geometric isomers with very specific
shapes. Reactions only occur between molecules whose
shapes match each other, like a key fitted to a lock.

An example of a biologically active geometric iso-
mer is cisplatin, a coordination compound used in medi-
cine to suppress tumors. The molecule consists of a plat-
inum atom surrounded by two ammonia molecules and
two chlorine atoms. The four ligands lie at the corners of
a square, with ligands of the same kind as neighbors.

The isomer transplatin, in which they are diagonally
opposite each other, has no affect on tumors.

Compounds of metals with ligands are often
brightly colored. This results from repulsion between
the electrons of the ligand and those of the metal atom
itself. The atom’s electrons are also geometrically
arranged around its nucleus. They occupy regions
called orbitals. In an isolated metal atom, groups of
similar orbitals have the same energy. But when lig-
ands bond to the atom, they approach some orbitals
more closely than others. Electrons in the closer orbital
are repelled more strongly. They must have more ener-
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a. EDTA, ethylenediaminetetraacetate, a chelate.
The six shaded atoms can each donate a pair of
electrons (represented by dots) to bond to a single
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b. A single molecule of EDTA bound to lead (Pb).
The ligands are shown in bold, and the shape
of the plane is suggested with shading.

Figure 5. Ethylenediaminetetraacetic acid (EDTA) is one of
the best-known chelating agents. lllustration by Hans & Cas-
sidy. Courtesy of Gale Group.

gy to occupy those orbitals. The energy difference is
called “crystal field splitting.”

The metal’s electrons can move to a higher energy
orbital by absorbing energy from visible light. There-
fore, such compounds appear colored.

Chelating agents

Some ligands can form more than one bond to a sin-
gle metal atom. These are called chelating agents. The
name comes from the Greek word chele, meaning
“claw.” The ligands surround the metal atom and hold it
as if in a claw. Because they hold metals so strongly,
chelates are also referred to as “metal scavengers.” They
effectively remove metal atoms and prevent them from
reacting with anything else.
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Figure 6. The porphyrin molecule surrounds the metal, bonding to it by nitrogen atoms at the four corners of a square. Other

ligands may bond above and below the plane of the square. (N =

Cassidy. Courtesy of Gale Group.

One of the best-known chelating agents is ethylene-
diaminetetraacetic acid, or EDTA. It contains 32 atoms,
six of which can bond to a single metal atom.

EDTA is a common food preservative. Foods con-
tain ions of iron, zinc, magnesium, and other metals.
These are natural components of food substances, but
they hasten the chemical reactions which cause flavor
and color to deteriorate. EDTA added to foods forms
strong, stable bonds to the metal ions, blocking their
chemical activity. EDTA is also used to treat lead poi-
soning in human beings. The EDTA-lead complex is
safely excreted in body waste.

Metal-ligand bonds in biological chemistry

The porphyrin ring is a chelate that plays several
different roles in the chemistry of living things.

Bound to magnesium, it forms chlorophyll, the
green pigment which is central to photosynthesis in
plants. Bound to iron, it forms cytochrome molecules,
which assist in the transfer of energy throughout living
cells. Hemoglobin, which gives blood its red color and
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nitrogen, C = carbon, H = hydrogen) lllustration by Hans &

carries oxygen to body cells, is also an iron-porphyrin
molecule. Iron can form six bonds to ligands, and the
porphyrin ring uses only four bonds. Of the remaining
two, one holds a protein molecule, and the other holds
the oxygen molecule which will be delivered to the cells.

Other uses

Inorganic salts, which contain metal ions, do not dis-
solve in organic solvents such as benzene. However, by
surrounding the metal ion with a chelate called a “crown
ether” the desired solution can be made. The mining in-
dustry uses cyanide ions to dissolve gold out of the quartz
rocks in which it is often found. The cyanide ligands are
removed in subsequent chemical steps.

Resources

Books

Benarde, Melvin A. The Chemicals We Eat. New York: Ameri-
can Heritage Press, 1971.

Newton, David E. Consumer Chemistry Projects for Young Sci-
entists. New York: Franklin Watts, 1991.
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KEY TERMS
Coordination compound—A molecule consisting of
a metal atom and the ligands to which it is bound.

Covalent bond—A chemical bond formed when
two atoms share a pair of electrons with each other.

lon—An atom or molecule which has acquired
electrical charge by either losing electrons (posi-
tively charged ion) or gaining electrons (negatively
charged ion).

Isomers—Two molecules in which the number of
atoms and the types of atoms are identical, but
their arrangement in space is different, resulting in
different chemical and physical properties.
Orbital—A region of space around an atomic nu-
cleus likely to be occupied by an electron.

Periodicals

Schmidt, Karen F. “Mirror-Image Molecules.” Science News
143 (May 29, 1993): 348-350.

Other

“Molecular Architecture.” Unit 9 of The World of Chemistry.
Videotape Series. University of Maryland at College Park.
Gilbert Castellan, Nava Ben-Zvi, and Isidore Adler, pro-
ject co-directors. The Annenberg/CPB Project, 1990.

Sara G. B. Fishman

Light

Light can be narrowly defined as the visible portion
of the electromagnetic spectrum. A broader definition
would include infrared, ultraviolet, and x-ray wavelengths,
which are not visible to the eye. The nature of light has
been the subject of controversy for thousands of years.
Even today, while scientists know how light behaves, they
do not always know why light behaves as it does.

The Greeks were the first to theorize about the na-
ture of light. Led by the scientists Euclid and Hero (first
century A.D.), they came to recognize that light traveled
in a straight line. However, they believed that vision
worked by intromission—that is, that light rays originat-
ed at the eye and traveled to the object being seen. De-
spite this erroneous hypothesis, the Greeks were able to
successfully study the phenomena of reflection and re-
fraction and derive the laws governing them. In reflec-
tion, they learned that the angles of incidence and reflec-
tion were approximately equal; in refraction, they saw
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that a beam of light would bend as it entered a denser
medium (such as water or glass) and bend back the
same amount as it exited.

The next contributor to the embryonic science of op-
tics was the Arab mathematician and physicist Alhazen
(965-1039), who is sometimes called the greatest scientist
of the Middle Ages. Experimenting around the year 1000,
he showed that light comes from a source (the Sun) and
reflects from an object to the eyes, thus allowing the ob-
ject to be seen. He also studied mirrors and lenses and
further refined the laws of reflection and refraction.

By the twelfth century, scientists felt they had
solved the riddles of light and color. The English
philosopher Francis Bacon (1561-1626) contended that
light was a disturbance in an invisible medium which
could be detected by the eye; subsequently, color was
caused by objects “staining” the light as it passed. More
productive research into the behavior of light was
sparked by the new class of realistic painters, who strove
to better understand perspective and shading by studying
light and its properties.

In the early 1600s, the refracting telescope was per-
fected by Galileo and Johannes Kepler, providing a reli-
able example of the laws of refraction. These laws were
further refined by Willebrord Snel, whose name is most
often associated with the equations for determining the
refraction of light. By the mid-1600s, enough was
known about the behavior of light to allow for the formu-
lation of a wide range of theories.

The renowned English physicist and mathematician
Isaac Newton was intrigued by the so-called “phenome-
non of colors”—the ability of a prism to produce colors
from white light. It had been generally accepted that
white was a single color, and that a prism could some-
how combine white light with others to form a multicol-
ored mixture. Newton, however, doubted this assump-
tion. He used a second prism to recombine the rainbow
spectrum back into a beam of white light; this showed
that white light must be a combination of colors, not the
other way around.

Newton performed his experiments in 1666 and an-
nounced them shortly thereafter, subscribing to the cor-
puscular (or particulate) theory of light. According to
this theory, light travels as a stream of particles that orig-
inate from a bright source and are absorbed by the eye.
Aided by Newton’s reputation, the corpuscular theory
soon became accepted throughout Great Britain and in
parts of Europe.

In the European scientific community, many scien-
tists believed that light, like sound, traveled in waves. This
group of scientists was most successfully represented by
the Dutch physicist Christiaan Huygens, who challenged
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Newton’s corpuscular theory. He argued that a wave theo-
ry could best explain the appearance of a spectrum as well
as the phenomena of reflection and refraction.

Newton immediately attacked the wave theory.
Using some complex calculations, he showed that parti-
cles, too, would obey the laws of reflection and refrac-
tion. He also pointed out that, if truly a wave form, light
should be able to bend around corners, just as sound
does; instead it cast a sharp shadow, further supporting
the corpuscular theory.

In 1660, however, Francesco Grimaldi examined a
beam of light passing through a narrow slit. As it exited
and was projected upon a screen, faint fringes could be
seen near the edge. This seemed to indicate that light did
bend slightly around corners; the effect, called diffrac-
tion, was adopted by Huygens and other theorists as fur-
ther proof of the wave nature of light.

One piece of the wave theory remained unexplained.
At that time, all known waves moved through some kind
of medium—for example, sound waves moved through
air and kinetic waves moved through water. Huygens and
his allies had not been able to show just what medium
light waves moved through; instead, they contended that
an invisible substance called ether filled the universe and
allowed the passage of light. This unproven explanation
did not earn further support for the wave theory, and the
Newtonian view of light prevailed for more than a century.

The first real challenge to Newton’s corpuscular the-
ory came in 1801, when English physicist Thomas
Young discovered interference in light. He passed a
beam of light through two closely spaced pinholes and
onto a screen. If light were truly particulate, Young ar-
gued, the holes would emit two distinct streams that
would appear on the screen as two bright points. What
was projected on the screen instead was a series of bright
and dark lines—an interference pattern typical of how
waves would behave under similar conditions.

If light is a wave, then every point on that wave is
potentially a new wave source. As the light passes
through the pinholes it exits as two new wave fronts,
which spread out as they travel. Because the holes are
placed close together, the two waves interact. In some
places the two waves combine (constructive interfer-
ence), whereas in others they cancel each other out (de-
structive interference), thus producing the pattern of
bright and dark lines. Such interference had previously
been observed in both water waves and sound waves and
seemed to indicate that light, too, moved in waves.

The corpuscular view did not die easily. Many sci-
entists had allied themselves with the Newtonian theory
and were unwilling to risk their reputations to support an
antiquated wave theory. Also, English scientists were not
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pleased to see one of their countrymen challenge the the-
ories of Newton; Young, therefore, earned little favor in
his homeland.

Throughout Europe, however, support for the wave
nature of light continued to grow. In France, Etienne-
Louis Malus (1775-1826) and Augustin Jean Fresnel
(1788-1827) experimented with polarized light, an effect
that could only occur if light acted as a transverse wave
(a wave which oscillated at right angles to its path of
travel). In Germany, Joseph von Fraunhofer (1787-1826)
was constructing instruments to better examine the phe-
nomenon of diffraction and succeeded in identifying
within the Sun’s spectrum 574 dark lines corresponding
to different wavelengths.

In 1850 two French scientists, Jéan Foucault and Ar-
mand Fizeau, independently conducted an experiment
that would strike a serious blow to the corpuscular theo-
ry of light. An instructor of theirs, Dominique-Francios
Arago, had suggested that they attempt to measure the
speed of light as it traveled through both air and water. If
light were particulate it should move faster in water; if,
on the other hand, it were a wave it should move faster in
air. The two scientists performed their experiments, and
each came to the same conclusion: light traveled more
quickly through air and was slowed by water.

Even as more and more scientists subscribed to the
wave theory, one question remained unanswered:
through what medium did light travel? The existence of
ether had never been proven—in fact, the very idea of it
seemed ridiculous to most scientists. In 1872, James
Clerk Maxwell suggested that waves composed of elec-
tric and magnetic fields could propagate in a vacuum,
independent of any medium. This hypothesis was later
proven by Heinrich Rudolph Hertz, who showed that
such waves would also obey all the laws of reflection, re-
fraction, and diffraction. It became generally accepted
that light acted as an electromagnetic wave.

Hertz, however, had also discovered the photoelec-
tric effect, by which certain metals would produce an
electrical potential when exposed to light. As scientists
studied the photoelectric effect, it became clear that a
wave theory could not account for this behavior; in fact,
the effect seemed to indicate the presence of particles.
For the first time in more than a century there was new
support for Newton’s corpuscular theory of light.

The photoelectric effect was explained by Albert
Einstein in 1905 using the principles of quantum physics
developed by Max Planck. Einstein claimed that light
was quantized—that is, it appeared in “bundles” of ener-
gy. While these bundles traveled in waves, certain reac-
tions (like the photoelectric effect) revealed their particu-
late nature. This theory was further supported in 1923 by
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Light-year

Arthur Holly Compton, who showed that the bundles of
light—which he called photons—would sometimes
strike electrons during scattering, causing their wave-
lengths to change.

By employing the quantum theories of Planck and
Einstein, Compton was able to describe light as both a
particle and a wave, depending upon the way it was test-
ed. While this may seem paradoxical, it remains an ac-
ceptable model for explaining the phenomena associated
with light and is the dominant theory of our time.

See also Photon.

Resources
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Pergamon Press, 1980.

Hecht, Eugene. Optics. Reading, MA: Addison-Wesley Pub-
lishing Company, 1987.

Light-year

A light-year is the distance that light (or any other
form of electromagnetic radiation, such as radio waves)
travels in a vacuum in one year. Since light travels at a
velocity of 186,171.1 mi/s (299,792.5 km/s), one light-
year equals 5,878,489,000,000 miles (9,460,530,000,000
km). The light-year is a convenient unit of measurement
to use when discussing distances to the stars in the Milky
Way galaxy and throughout the observable universe.
When discussing distances within our solar system, the
astronomical unit (the mean distance between Earth
and the Sun) is commonly used. One light-year equals
63,239.7 astronomical units.

Since the distances between Earth and even the
nearest stars are so enormous, a light-year can also be
thought of as a measurement of time. Sirius, for exam-
ple, is 8.57 light-years away. This means that when an
observer on Earth looks at Sirius, they see light that left
Sirius 8.57 years ago. The observer is therefore looking
backward in time, seeing the star in the condition it was
in more than eight years ago.

Alpha Centauri, the closest star to Earth, is 4.35
light-years distant. Among other stars, Barnard’s star is
5.98 light-years away, 61 Cygni is 11.3 light-years away,
and Antares is 400 light-years away. The center of the
Milky Way galaxy is 27,000 light-years away, while the
most distant clusters of galaxies are roughly estimated to
be one million light-years away.

Frederick R. West
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Lightning

Lightning is an electrical discharge usually, but not
always, produced by well-developed thunderstorms. Al-
though there is a clear-air lightening phenomena,light-
ning most frequently occurs within a cloud (intra-cloud),
between two clouds (inter-cloud), or from the cloud to
the ground.

A lightning discharge can heat the air as much as five
times hotter than the surface temperature of the Sun
(about 54,000°F [30,000°C])). This heated air causes ex-
pansion in the air as an explosion, starting a shock wave
that turns into a sound wave upon reaching the human ear.
Thunder travels in all directions (radially) from the light-
ning at the speed of the sound approximately 738 MPH at
sea level (1,188 km/h). Because it takes the sound about
five seconds to travel each mile (about three seconds for
1km), the time between the lightning and the thunder can
give a rough estimate of how far an observer is from a
thunderstorm.

The quick flash that can be seen as lightning oc-
curs as a complex series of events. In order to have
lightning, separate regions of electrical charges must be
present in a cumulonimbus cloud. There are several hy-
potheses as to how this occurs, one mechanism may in-
volve falling ice particles within the cloud that transfer
ions. This results in a positively charged upper part and
a negatively charged middle part in the cloud. The bot-
tom of the cloud is also mostly negatively charged,
causing part of the ground underneath to become posi-
tively charged. In the insulating dry air an electrical
field builds up, and when it reaches a threshold poten-
tial, the air is no longer insulating, and as a current
flows, lightning occurs.

Cloud-to-ground lightning (arguably the best under-
stood among the different types of lightning) starts in-
side the cloud when a critical value of the localized elec-
tric field is reached along a path, so a surge of electrons
will move to the cloud base, then gradually down to the
ground. A short (164 ft [SO m]) and narrow (4 in [10
cm]) conducting channel is created by ionized air mole-
cules, which are produced by the electron flow out of
the cloud. These surges of electrons move downward in a
series of steps for about 164-328 ft (50-100 m), then
they stop for about 50-millionths of a second, and con-
tinue for another 164 ft (50 m), creating a stepped leader
form of transit. Near the ground, a current of positive
charge goes up from the ground to meet the stepped
leader, and when they meet, many electrons flow into the
ground, and a bright return stroke moves up, following
the path of the stepped leader up to the cloud, releasing
heat, thunder, and charges. The subsequent leader is
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called the dart leader, and for subsequent flashes, the
same processes reoccur in a similar cycle. Usually, a
lightning flash has approximately three or four leaders,
each of them accompanied by a return stroke.

To distinguish the several different appearances of
lightning, the forms are assigned special names. Heat
lightning (also termed clear-air lightning) occurs when
lightning can be seen but the following thunder cannot
be heard. Forked lightning occurs when a dart leader
moving toward the ground diverges from the original
path of the stepped leader, so that the lightning seems to
be crooked or forked. When the wind moves the ionized
channel between the return strokes, the lightning looks
like a ribbon hanging from a cloud, so it is called a rib-
bon lightning. Bead lightning looks like a series of beads
on a string, and it occurs as the lightning channel disinte-
grates. Sheet lightning appears as a white sheet, and it
occurs either when clouds obscure the lightning, or when
the lightning flash happens within a cloud. St. Elmo’s
fire, named after the patron of sailors, is a corona dis-
charge, a nonstop supply of sparks in the air, which hap-
pens when a positive current moves up on pointed ob-
jects. Ball lightning often appears as a luminous, floating
sphere in the air. The various mechanisms underlying
the varying forms of lightning remain a subject of inten-
sive meteorological research.

During a thunderstorm, usually the tallest object in
the area is struck because this provides the most rapid
form of current transit to lowest energy state. At any mo-
ment, there are about 2000 thunderstorms worldwide,
generating about 100 lightning flashes per second. A
lightning stroke can deliver a current as great as 100,000
amperes, which can cause severe electrocution in hu-
mans and animals. About 100 people die in a year in the
United States alone from lightning, and lighting causes
billions of dollars in damage each year.

See also Atmosphere observation; Atmosphere,
composition and structure; Atmospheric circulation; At-
mospheric optical phenomena; Atoms; Meteorology.

Lilac

Lilacs (Syringa spp.) are about 10 species of shrubs
and small trees in the olive family (Oleaceae). Lilacs are
native to Eurasia but have been widely planted elsewhere
as ornamental shrubs.

The common lilac (Syringa vulgaris) is the most fa-
miliar species to most people. The common lilac has
shiny green wedge-shaped leaves without teeth on the
margins which are arranged alternately on the twigs.
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A lilac in bloom. Photograph by James Sikkema. Reproduced
by permission.

This and other species of lilacs develop large numbers of
spike-like inflorescences in the early springtime before
the leaves have developed. These flowers are rich in nec-
tar and fragrance and are pollinated by insects.

The common lilac is originally native to southeast-
ern Europe and adjacent parts of southwestern Asia and
is the oldest and most widespread species in cultivation.
Other species include the Persian lilac (S. persica), the
Chinese lilac (S. oblata), and the Japanese lilac (S.
Jjaponica). However, hundreds of horticultural hybrids
have been bred by crossing the flowers of various
species of lilacs. If the hybrids are considered to have de-
sirable attributes in terms of flower shape or color, fra-
grance, or tolerance of local or regional environmental
conditions, it may be given a distinctive name and is sub-
sequently propagated by rooting vegetative shoots,
known as cuttings.

Lilacs have been widely planted as horticultural
species in Eurasia, North America, and elsewhere that a
suitable, temperate climate occurs. Lilacs are utilized in
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Lily famity (Liliaceae)

this way because they are relatively easy to grow, and
they develop spectacular displays of white, lavender, or
purple flowers in the early springtime while also perfum-
ing the air with their fragrance. Lilac flowers contain fra-
grant oils that are sometimes used to flavor candy or
cake or to manufacture perfume.

Lilacs sometimes escape from cultivation and be-
comes a locally invasive pest that may displace native
shrubs from early successional or roadside habitats.

Lily family (Liliaceae)

Lilies are the classic representatives of the mono-
cotyledons—those plants with only one seed leaf. Lilies
are mostly perennial, erect herbs arising from a bulb.
Some climb, a few are woody, but most arise from un-
derground stems or other structures. The leaves vary in
number from one to many, and are arranged on the stem
alternately or in whorls. The leaves are flat, linear to
lance-shaped, without teeth along the margins, often
widen into a papery sheath where they attach to the stem,
lack stalks, and are typically parallel veined.

Some species of lilies are famous for their magnifi-
cent flowers, which are often trumpet or funnel shaped,
nodding, and heavily scented. Lily flowers are bisexual,
radially symmetrical, and their parts are usually in some
multiple of three (four in Maianthemum), with no dis-
tinction in the appearance of petals and sepals. There
are usually six main segments to the showy part of the
flower, which are attached to the base of the ovary.
Flowers may occur singly at the top of a leafless stem
(tulip), as several flowers arranged on a spike (as in lily-
of-the-valley, Convallaria majalis), or in various other
arrangements of many flowers, including the umbels of
onions (Allium spp.). Lily flowers are insect pollinated.
The fruits of lilies are either capsules or berries. The
capsules are divided into three compartments, which
contain many flat, round seeds that are often stacked
like coins.

There are about 240 genera and 4,000 species in the
Liliaceae. Lilies are a diverse group and recent taxono-
mists have tended to split the group into four main fami-
lies: Liliaceae, the lilies proper; Convallariaceae, lily-of-
the-valley and Solomon’s seals; Melanthaceae, or bunch-
flowers; and Smilaceae, the catbriers or greenbriers. In
this article, the Liliaceae is considered in the broadest
sense, including all of these four groups.

Lilies are widely distributed, primarily in the North-
ern Hemisphere, with a major center of distribution in
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Greigii tulips. Photograph by James Sikkema. Reproduced by
permission.

the southwest and from Himalayan Asia to China, where
they commonly are spring-flowering plants of steppes
and mountain meadows. In North America, many famil-
iar woodland plants of the springtime are members of the
lily family, such as the trilliums and wake-robins of the
genus Trillium, bellworts or merrybells (Uvularia), dog-
tooth violets (Erithronium) with their characteristic mot-
tled brown leaves, wild lily-of-the-valley (Maianthemum
canadense), and Solomon’s seals (Polygonatum). Species
of Smilax, which are mostly perennial herbs or shrubs oc-
curring in tropical and subtropical regions, also occur in
North America. Smilaxes are unusual among the mono-
cotyledonous plants in producing tendrils, which are slen-
der twining structures, used to climb and hold onto other
plants.

Lilies are highly prized as house and garden orna-
mentals, and many of the most beautiful of these be-
long to the genus Lilium, the namesake of the family.
Lilies have long held a fascination for people. The
Madonna lily (L. candidum), which is native to the re-
gion of Greece to Syria, was depicted by early civiliza-
tions on pottery and mosaics. The most commonly
grown greenhouse lily is the Easter or trumpet lily (L.
longiflorum). Lilies have long been associated with
Easter. During the Renaissance, European painters used
white lilies to symbolize the Annunciation of the Vir-
gin, that is, the announcement by the angel Gabriel to
Mary that she would conceive a Son. The uniform,
bright white color of many lilies symbolizes purity in
some cultures. However, lilies also come in a variety of
other colors. Flowers are purple in L. martagon of cen-
tral Europe to China, yellow in L. canadense of eastern
North America and L. croceum of central to southern
Europe, orange in L. japonicum of Japan and L.
tigrinum of east Asia, and rose in L. pardinarium.
Many lilies have enchanting fragrances that are some-
times extracted for use in perfumes.
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Tulips are also members of the lily family, in its
broadest sense. Tulips are native to the Northern Hemi-
sphere, with the greatest diversity of species occurring in
the western and central parts of Asia. The name tulip de-
rives from a Turkish word for turban, referring to the
shape of the flower. Most horticultural varieties descend
primarily from multiple crosses between two species,
Tulipa gesneriana and T. suaveolens of western Asia.
These are usually sold under the name T. gesneriana, al-
though other species are increasingly involved in the de-
velopment of new varieties.

The Turks were the first to cultivate the tulip and
they introduced it into Europe, exactly when is not
known, although the first reference to the tulip in a Euro-
pean publication was made in 1559. Tulips gradually in-
creased in popularity until the early seventeenth century,
when tulip mania swept Holland. There was a hysterical
rush to raise and breed new and rarer varieties of tulips.
Speculators invested the equivalent of thousands of dol-
lars for a single bulb, and some people sold their houses
to invest in the tulip market. In 1630 one bulb of a rare
variety sold for the equivalent of $10,000. Tulip mania
reached its peak between 1634-1637, forcing the Dutch
government to step in and regulate the industry. The
Netherlands remains the single largest producer of tulip
bulbs, although Japan and the state of Washington are
now important producers.

The economically important genus Allium is widely
cultivated for its strong odor and flavor. Plants are char-
acterized by a bulb, that is actually a giant bud sur-
rounding a short stem. The leaves of the bud are ex-
tremely fleshy and tightly overlapping. The concentric
lines seen in an onion cut crosswise are the margins of
fleshy leaves. The outermost leaves are not fleshy but
papery, forming the skin of the onion. Various members
of this genus are cultivated: the common onion (A.
cepa), garlic (A. sativum), leeks (A. porum), shallots (A.
ascalonicum), and chives (A. schoenoprasum). Texas,
New York, and California are the major onion producing
regions in North America.

A number of other members of the lily family are of
economic importance for a variety of reasons. A large
number of lilies other than those described above are
also important ornamentals. Fritallarias are popular orna-
mentals, with few to many leaves arranged either alter-
nately or in whorls on the stem, and large, showy, bell-
like flowers that are usually nodding. Many species of
Fritallaria are of ornamental interest because the flowers
are one basic color, checkered with another color. Frital-
laria meleagris from central and southern Europe is pur-
plish with white checkering, and F. aurea from Turkey is
yellow and checkered. In the wild, many of the fritillar-
ias appear to be pollinated by queen wasps.
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Yellow Spanish onions. Photograph by James Sikkema. Re-
produced by permission.

Lily-of-the-valley is a small perennial native of Eu-
rope, that has become naturalized in parts of eastern
North America, and is frequently planted for its beauti-
fully scented spike of flowers that are commonly used in
wedding bouquets and for perfumes. Other commonly
grown ornamental lilies are hyacinths, grape hyacinths,
and scillas.

The young shoots of asparagus (Asparagus offici-
nalis) are an important cash crop, and A. plumosus is the
asparagus fern (though not a fern) used by florists as lacy
greenery in bouquets.

Wild sarsaparilla (Avalia nudicaulis) has long been
an ingredient of soft drinks. Aloe (Aloe vera) once pro-
vided needles for early phonographs and remains impor-
tant today as a salve in the treatment of burns and in cos-
metics. Meadow saffron or fall crocus (Colchicum au-
tumnale) was used to treat gout (a painful disease of in-
flamed joints), and is still much used in research.
Cochicine is extracted from the plant and used to pre-
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Limit

KEY TERMS
Seed leaves—The first leaves produced by a young
plant while still within a seed.

Umbel—An arrangement of flowers, whereby
each flower stalk arises from the same level of the
stem, as in onions.

vent spindle formation during mitosis, so that replicated
chromosomes do not split apart. This produces a poly-
ploid, that is, a double (or more) of the normal chromo-
some number.

Dragon’s blood, the resin of Dracaena, the dragon
tree, was once collected and used as a finish for the great
Italian violins of the eighteenth century.

Many lilies are poisonous. Lily-of-the-valley is
mildly poisonous, enough to be on the United States list
of poisonous plants. Death camases (Zygadenus spp.) are
extremely poisononous species. Zygadenus elegans is an
attractive plant with a wand-like cluster of star-shaped
flowers. It has an onion-like bulb, that unfortunately re-
sembles the bulb of edible camases, which are in the
genus Camassia. Zagadenus venenosus is a common
cause of cattle poisoning in the western United States.
Lilies known as squills are also quite toxic; the red bulbs
of Urginea maritima are a valuable heart stimulant, but
the white bulbs have been used as rodent killers. Scilla,
another squill, also contains glucosides that have been
used as rodenticides. Some greenhouse workers who
handle tulips develop a severe dermatitis called tulip fin-
ger, which causes reddening and swelling of the finger in
association with itchy and burning sensations, and in the
worst cases results in scaly, eczematous skin.

Resources

Books

Dahlgren, R.M.T., H.T. Clifford, and P.F. Yeo. The Families of
the Monocotyledons: Structure, Evolution, and Taxonomy.
Berlin: Springer-Verlag, 1985.

Taylor, N. Taylor’s Encyclopedia of Gardening. 4th ed. New
York: Houghton Mifflin, 1961.

Les C. Cwynar

Lily-of-the-valley see Lily family (Liliaceae)
Limbic system see Brain

Lime see Calcium

Limestone see Calcium
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Limit

In mathematics the concept of limit formally ex-
presses the notion of arbitrary closeness. That is, a limit
is a value that a variable quantity approaches as closely
as one desires. The operations of differentiation and inte-
gration from calculus are both based on the theory of
limits. The theory of limits is based on a particular prop-
erty of the real numbers; namely that between any two
real numbers, no matter how close together they are,
there is always another one. Between any two real num-
bers there are always infinitely many more.

Nearness is key to understanding limits: only after
nearness is defined does a limit acquire an exact mean-
ing. Relevantly, a neighborhood of points near any given
point comprise a neighborhood. Neighborhoods are de-
finitive components of infinite limits of a sequence.

History

Archimedes of Syracuse first developed the idea of
limits to measure curved figures and the volume of a
sphere in the third century B.C. By carving these figures
into small pieces that can be approximated, then increas-
ing the number of pieces, the limit of the sum of pieces
can give the desired quantity. Archimedes’ thesis, The
Method, was lost until 1906, when mathematicians dis-
covered that Archimedes came close to discovering in-
finitesimal calculus.

As Archimedes’ work was unknown until the twenti-
eth century, others developed the modern mathematical
concept of limits. Englishman Sir Issac Newton and Ger-
man Gottfried Wilhelm von Leibniz independently devel-
oped the general principles of calculus (of which the theory
of limits is an important part) in the seventeenth century.

Limit of a sequence

The ancient Greek philosopher Zeno may have been
one of the first mathematicians to ponder the limit of a
sequence and wonder how it related to the world around
him. Zeno argued that all motion was impossible be-
cause in order to move a distance 1 it is first necessary to
travel half the distance, then half the remaining distance,
then half of that remaining distance and so on. Thus, he
argued, the distance I can never be fully traversed.

Consider the sequence 1, 1/2, 1/4, 1/8,...(1/2)" when
n gets very large. Since (1/2)" equals 1/2 multiplied by it-
self n times, (1/2)" gets very small when n is allowed to
become infinitely large. The sequence is said to con-
verge, meaning numbers that are very far along in the se-
quence (corresponding to large n) get very close together
and very close to a single value called the limit.
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A sequence of numbers converges to a given number
if the differences between the terms of the sequence and
the given number form an infinitesimal sequence. For this
sequence (1/2)" gets arbitrarily close to 0, so 0 is the limit
of the sequence. The numbers in the sequence never quite
reach the limit, but they never go past it either.

If an infinite sequence diverges, the running total of
the terms eventually turns away from any specific value,
so a divergent sequence has no limiting sum.

Limit of a function

Consider an arbitrary function, y = f(x). (A function
is a set of ordered pairs for which the first and second ele-
ments of each pair are related to one another in a fixed
way. When the elements of the ordered pairs are real
numbers, the relationship is usually expressed in the form
of an equation.) Suppose that successive values of x are
chosen to match those of a converging sequence such as
the sequence S from the previous example. The question
arises as to what the values of the function do, that is,
what happens to successive values of y. In fact, whenever
the values of x form a sequence, the values f(x) also form
a sequence. If this sequence is a converging sequence
then the limit of that sequence is called the limit of the
function. More generally when the value of a function
f(x) approaches a definite value L as the independent
variable x gets close to a real number p then L is called
the limit of the function. This is written formally as:

lim f(x) =L
X = p

and reads “The limit of f of x, as X approaches p, equals
L.’ It does not depend on what particular sequence of
numbers is chosen to represent x; it is only necessary that
the sequence converge to a limit. The limit may depend on
whether the sequence is increasing or decreasing. That is
the limit, as x approaches p from above may be different
from the limit as x approaches p from below. In some
cases one or the other of these limits may even fail to
exist. In any case since the value of x is approaching the
finite value p the difference (p-x) is approaching zero. It is
this definition of limit that provides a foundation for de-
velopment of the derivative and the integral in calculus.

There is a second type of functional limit: the limit
as the value of the independent variable approaches in-
finity. While a sequence that approaches infinity is said
to diverge, there are cases for which applying the defin-
ing rule of a function to a diverging sequence results in
creation of a converging sequence. The function defined
by the equation y = 1/x is such a function. If a finite limit
exists for the function when the independent variable ap-
proaches infinity it is written formally as:
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KEY TERMS
Converge—To converge is to approach a limit that
has a finite value.

Interval—An interval is a subset of the real num-
bers corresponding to a line segment of finite
length, and including all the real numbers be-
tween its end points. An interval is closed if the
endpoints are included and open if they are not.

Real Number—The set of numbers containing the
integers and all the decimals including both the
repeating and nonrepeating decimals.

Sequence—A sequence is a series of terms, in
which each successive term is related to the one
before it by a fixed formula.

lim f(x) =L

X —>
and reads “The limit of f of X, as x approaches infinity,
equals L.” It is interesting to note that the function de-
fined by y = 1/x has no limit when x approaches 0 but
has the limit L = 0 when x approaches o°.

Applications

The limit concept is essential to understanding the
real number system and its distinguishing characteristics.
In one sense real numbers can be defined as the numbers
that are the limits of convergent sequences of rational
numbers. One application of the concept of limits is on
the derivative. The derivative is a rate of flow or change,
and can be computed based on some limits concepts.
Limits are also key to calculating intergrals (expressions
of areas). The integral calculates the entire area of a re-
gion by summing up an infinite number of small pieces
of it. Limits are also part of the iterative process. An iter-
ation is repeatedly performing a routine, using the out-
put of one step as the input of the next step. Each output
is an iterate. Some successful iterates can get as close as
desired to a theoretically exact value.

Resources

Books

Abbot, P., and M.E. Wardle. Teach Yourself Calculus. Lincol-
nwood: NTC Publishing, 1992.

Allen, G.D., C. Chui, and B. Perry. Elements of Calculus. 2nd
ed. Pacific Grove: Brooks/Cole Publishing Co., 1989.
Gowar, Norman. An Invitation to Mathematics. New York: Ox-

ford University Press, 1979.
Larson, Ron. Calculus With Analytic Geometry. Boston:
Houghton Mifflin College, 2002.
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Limiting factor

Silverman, Richard A. Essential Calculus With Applications.
New York: Dover, 1989.

Periodicals

McLaughlin, William I. “Resolving Zeno’s Paradoxes.” Scien-
tific American 271 (1994): 84-89.

J. R. Maddocks

Limiting factor

Limiting factors are environmental influences that
constrain the productivity of organisms, populations, or
communities and thereby prevent them from achieving
their full biological potential which could be realized
under optimal conditions. Limiting factors can be single
elements or a group of related factors.

The environment of organisms must be suitable in
many respects. Environmental factors must satisfy mini-
mum and maximum criteria for life. For example, tem-
perature cannot be too cold or hot, and the availability
of nutrients cannot be too small or too large. The mini-
mal criteria for metabolically essential environmental
factors represent the least availability that will sustain or-
ganisms or ecological processes, while the maxima rep-
resent toxicity or other biological damages. The mini-
mum and maximum levels of environmental factors
bound a relatively broad range within which there are
optimal levels at which factors exert no constraints on bi-
ological productivity.

The principle of limiting factors is an ecological
generalization that suggests that, at any given time in a
particular ecosystem, productivity is constrained by a
single, metabolically essential factor that is present in
least supply relative to the potential biological demand.
This limiting factor could be climatic, as is the case of
sub-optimal conditions of temperature, windspeed, or
moisture. Or the factor could involve an insufficient sup-
ply of a particular nutrient, or an excessive, toxic avail-
ability of another chemical. In this sense, the limiting
factor represents a type of ecological stress which if alle-
viated will result in greater productivity and develop-
ment of the ecosystem.

The potential limitations by particular environmen-
tal factors are best studied by doing experiments, prefer-
ably in the field. For example, limitations of tundra veg-
etation by climatic factors such as cool temperatures
have been studied by enclosing small areas of intact veg-
etation within greenhouses. Limitations by particular nu-
trients such as phosphate or nitrate have been studied by
fertilization experiments in which nutrients are added
alone or in combination with others. Limitations by toxic
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environmental factors can sometimes be studied by
transplanting organisms into cleaner environments, for
example, away from a place that is polluted by sulfur
dioxide. If these sorts of experiments are properly de-
signed and the organisms do not respond to manipulation
of a particular environmental characteristic, then it was
not the limiting environmental factor.

The principle of limiting factors can be illustrated
by reference to the productivity of phytoplankton in
lakes, that is, the community of unicellular algae that
live in the water column. In most freshwater lakes algal
productivity is limited by the availability of inorganic
phosphorus in the form of the ion phosphate. When ex-
perimentally fertilized with phosphate, most lake waters
will respond by a large increase in productivity. (This
will also happen if the lake receives phosphate through
sewage inputs or agricultural runoff). In contrast, if the
lake water is fertilized with other important nutrients
such as nitrate, ammonium, potassium, or inorganic car-
bon, there will be no increase in productivity, indicating
that these are not primary limiting nutrients. However, if
the lake water is first well fertilized with phosphate, its
productivity will then respond to nitrate addition, indi-
cating that this source of inorganic nitrogen is the sec-
ondary limiting factor.

See also Ecological productivity; Ecosystem; Eu-
trophication; Stress, ecological.

Limpets

Limpets are a common mollusk of the class Gas-
tropoda. Its shell is generally low, flat, oval, and more bi-
laterally symmetrical than coiled (like a snail’s), and it
covers the entire soft body, so that the living animal in-
side is rarely visible. Limpets adhere strongly to rocks by
means of a broad muscular foot. It is important for their
survival that they are not dislodged easily, since their
shell structure does not permit withdrawal into the shell.

The Atlantic plate limpet is Tectura testudinalis; tes-
tudinal means resembling a tortoise shell. The common
European limpet is Patella vulgata, the patella in human
anatomy is the kneecap; patelliform means saucer-
shaped, like a kneecap or limpet shell.

Limpets are prosobranch snails of the Order Ar-
chaeogastropoda, which allies them with the slit shells,
abalones, top shells, and nerites. They are sufficiently
varied that they are assigned to several families. Species
of Tectura and a number of Pacific coast species of the
genus Lottia are classified as Family Lottiidae. Patella is
in the Family Patellidae. The small white Acmaea mitra
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of the Pacific coast and a few deep-sea limpets are in the
Family Acmaeidae.

Quite different from the families named above are
the key-hole limpets, Family Fissurellidae. A common
species is Diodora cayenensis, which ranges from New
Jersey to Brazil. Members of the Fissurellidae family
have an opening near the apex of the shell, giving the ap-
pearance of a miniature volcano and permitting the out-
flow of fecal matter and water that has already passed
over the gills. The hole begins as a slit in the embryonic
shell, and becomes closed as the mantle deposits more
shell during growth to adult size.

Limpets are intertidal herbivores, and they do not
often feed when exposed to the open air. Some species
have a radula, a horny edge on the shell with projections
resembling teeth, that helps tear up the animal’s food and
bring it to its mouth. The food then passes through a sim-
ple stomach, where it is exposed to enzymes from paired
digestive glands, and then into a long, coiled intestine,
where it is turned into feces. Some limpets are not sta-
tionary, but make forays of up to 5 ft (1.5 m) at night or
at high tide, then return to their original position, which
is sometimes marked by a “home scar” on the rock sur-
face. The “brain” of limpets consists of a relatively small
number of neurons, and it is not clear how they find their
way home.

Like other archaeogastropods, male and female
limpets look much the same, and can be distinguished
only by the color of the gonads and microscopic exami-
nation of their sex cells, or gametes. The majority of
smaller animals are males and the larger animals are fe-
males, so it is probable that individual males, as they age,
become females. During reproduction, eggs and sperm
are released into the water at the same time. After several
days, 10 for Patella, the new larvae settle on some solid
substratum, and grow into adults. The larvae of Lottia
strigatella prefer to settle on boulders where adults of the
same species are established, even though other species
may be present. This is known as gregarious settlement.

The largest limpet is Lottia gigantea, a Mexican
species 4-8 in (10-20 cm) long. Most species of limpets
are 0.4-1 in (1-2.5 cm) long. Some species have been es-
timated to live 15 years. The larger species are con-
sumed, cooked or raw, in various parts of the world, but
limpets are not known to support a commercial fishery.

Resources

Books
Abbott, R.T. Seashells of the Northern Hemisphere. New York:
Gallery Books, 1991.

C.S. Hammen
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Linden see Basswood

Line, equations of

There are many different ways of writing the equa-
tion of a line in a coordinate plane. They all stem from
the form ax + by + ¢ = 0. Thus 2x + 3y - 5 =0 is an
equation of a line, witha = 2, b = 3, and ¢ = -5. When
the equation is written in the form y = mx + b we have
slope-intercept form: m is the slope of the line and b is
the y-intercept. The equation 2x + 3y - 5 = 0 becomes

YR 3
So the line has slope -2/3 and a y-intercept 5/3.

When the equation is written in the form

X y
—+— =1
a b

we have the intercept form: a is the x-intercept and b
is the y-intercept. The equation 2x + 3y -5 = 0 becomes

X y
CONES
with x-intercept 5/2 and y-intercept 5/3.
When the equation is written in the form

Yoy
yy, = X;_Xl(x—xl)

where (x;, y,) and (X,,y,) are points on the line, we
have the two point form. If we choose the two points (1,
1) and (-2, 3) that lie on the line 2x + 3y-5 = 0, we have

3-1 2
-1l =— 1) == (x-1
¥l = S5 Gel) = 56 D)
When the equation is written in the form y-y, = m
(x-x;) where (X;, y;) is a point on the line, we have the
point-slope form. If we choose (-2, 3) as the point that
lies on the line 2x + 3y =0, we have y - 3 =-2/3 (x + 2).

In three space, a line is defined as the intersection of
two non-parallel planes, such as 2x +y + 4z=0and x +
3y + 2z = 0. Standard equations of a line in three space
are the two-point form:

X—X1 _ y—yl _ Z—Z1

YY1 277

XX

where (X;,y;,z;) and (X,,y,,Z,) are points on the line;
and the parameter form: x =x; +1lt,y=y, + mt,z=z, + nt

2345

jo suonyenba ‘saury



Linear algebra

where the parameter t is the directed distance from a
fixed point (x;,y;,z;) on the plane to any other point
(x,y,z) of the plane, and I, m, and n are any constants.

Resources

Books

Bittinger, Marvin L,, and Davic Ellenbogen. Intermediate Al-
gebra: Concepts and Applications. 6th ed. Reading, MA:
Addison-Wesley Publishing, 2001.

Larson, Ron. Precalculus. 5th ed. New York: Houghton Mifflin
College, 2000.

Linear accelerator see Accelerators

Linear algebra

The study of linear algebra includes the topics of
vector algebra, matrix algebra, and the theory of vector
spaces. Linear algebra originated as the study of linear
equations, including the solution of simultaneous linear
equations. An equation is linear if no variable in it is
multiplied by itself or any other variable. Thus, the equa-
tion 3x + 2y + z = 0 is a linear equation in three vari-
ables. The equation x3 + 6y + z + 5 = 0 is not linear, be-
cause the variable x is raised to the power 3 (multiplied
together three times); it is a cubic equation. The equation
5x - Xy + 6z =7 is not a linear equation either, because
the product of two variables (xy) appears in it. Thus lin-
ear equations are always degree 1.

Two important concepts emerge in linear algebra to
help facilitate the expression and solution of systems of
simultaneous linear equations. They are the vector and
the matrix. Vectors correspond to directed line segments.
They have both magnitude (length) and direction. Matri-
ces are rectangular arrays of numbers. They are used in
dealing with the coefficients of simultaneous equations.
Using vector and matrix notation, a system of linear
equations can be written, in the form of a single equa-
tion, as a matrix times a vector.

Linear algebra has a wide variety of applications. It
is useful in solving network problems, such as calculat-
ing current flow in various branches of complicated elec-
tronic circuits, or analyzing traffic flow patterns on city
streets and interstate highways. Linear algebra is also the
basis of a process called linear programming, widely
used in business to solve a variety of problems that often
contain a very large number of variables.

Historical background

The collection of theorems and ideas that comprise
linear algebra have come together over some four cen-
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turies, beginning in the mid 1600s. The name linear alge-
bra, however, is relatively recent. It derives from the fact
that the graph of a linear equation is a straight line. In
fact the beginnings of linear algebra are rooted in the
early attempts of sixteenth and seventeenth century
mathematicians to develop generalized methods for solv-
ing systems of linear equations. As early as 1693, Got-
tfried Leibniz put forth the notion of matrices and their
determinants, and in 1750, Gabriel Cramer published
his rule (it bears his name today) for solving n equations
in n unknowns.

The concept of a vector, however, was originally in-
troduced in physics applications to describe quantities
having both magnitude and direction, such as force and
velocity. Later, the concept was blended with many of
the other notions of linear algebra when mathematicians
realized that vectors and one column (or one row) matri-
ces are mathematically identical.

Finally, the theory of vector spaces grew out of work
on the algebra of vectors.

Fundamental principles

An equation is only true for certain values of the
variables called solutions, or roots, of the equation.
When it is desired that certain values of the variables
make two or more equations true simultaneously (at the
same time), the equations are called simultaneous equa-
tions and the values that make them true are called solu-
tions to the system of simultaneous equations.

The graph of a linear equation, in a rectangular co-
ordinate system, is a straight line, hence the term linear.
The graph of simultaneous linear equations is a set of
lines, one corresponding to each equation. The solution
to a simultaneous system of equations, if it exists, is the
set of numbers that correspond to the location in space
where all the lines intersect in a single point.

Vectors

Since the solution to a system of simultaneous equa-
tions, as pointed out earlier, corresponds to the point in
space where their graphs intersect in a single point, and
since vectors represent points in space, the solution to a
set of simultaneous equations is a vector. Thus, all the
variables in a system of equations can be represented by
a single variable, namely a vector.

Matrices

A matrix is a rectangular array of numbers, and is
often used to represent the coefficients of a set of simul-
taneous equations. Two or more equations are simultane-
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ous if each time a variable appears in any of the equa-
tions, it represents the same quantity. For example, sup-
pose the following relationship exists between the ages
of a brother and two sisters: Jack is three years older
than his sister Mary, and eleven years older than his sis-
ter Nancy, who is half as old as Mary. There are three
separate statements here, each of which can be translated
into mathematical notation, as follows:

Let: j =Jack’s age, m = Mary’s age, n = Nancy’s age.
Then: j=m+3 (1)
j=n+11 (2)
2n=m (3)

This is a system of three simultaneous equations in
three unknowns. Each unknown age is represented by a
variable. Each time a particular variable appears in an
equation, it stands for the same quantity. In order to see
how the concept of a matrix enters, rewrite the above
equations, using the standard rules of algebra, as:

lj-1m-0n=3 (1)
lj+0m-1n=11 (2)
0j- lm+2n=0. (3

Since a matrix is a rectangular array of numbers, the
coefficients of equations (1°), (2’), and (3’) can be writ-
ten in the form of a matrix, A, called the matrix of coeffi-
cients, by letting each column contain the coefficients of
a given variable (j, m, and n from left to right) and each
row contain the coefficients of a single equation (equa-
tions (1°), (2’), and (3’) from top to bottom. That is,

—_—

A=

O = =
(e

0
-1,
2

—_—

Matrix multiplication is carried out by multiplying
each row in the left matrix times each column in the
right matrix. Thinking of the left matrix as containing a
number of “row vectors” and the right matrix as contain-
ing a number of “column vectors,” matrix multiplication
consists of a series of vector dot products. Row 1 times
column 1 produces a term in row 1 column 1 of the prod-
uct matrix, row 2 times column 1 produces a term in row
2 column 1 of the product matrix, and so on, until each
row has been multiplied by each column. The product
matrix has the same number of rows as the left matrix
and the same number of columns as the right matrix. In
order that two matrices be compatible for multiplication,
the right must have the same number of rows as the left
has columns. The matrix with ones on the diagonal (the
diagonal of a matrix begins in the upper left corner and
ends in the lower right corner) and all other elements
zero, is the identity element for multiplication of matri-
ces, usually denoted by I. Thus the inverse of a matrix A
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is the matrix A™' such that AA! = 1. Not every matrix has
an inverse, however, if a square matrix has an inverse,
then A'A = AA"! = 1. That is, multiplication of a square
matrix by its inverse is commutative.

Just as a matrix can be thought of as a collection of
vectors, a vector can be thought of as a one-column, or
one-row, matrix. Thus, multiplication of a vector by a
matrix is accomplished using the rules of matrix multi-
plication. For example, let the variables in the previous
example be represented by the vector j = (j,m,n). Then
the product of the coefficient matrix, A, times the vector,
j, results in a three-row, one-column matrix, containing
terms that correspond to the left hand side of each of
equations (1), (2°), and (3°).

1-107; 1j - Im + On
lO-l[m = 1j +0m - 1In
0-122&n 0j - Im + 2n

Finally, by expressing the constants on the right
hand side of those equations as a constant column vector,
c, the three equations can be written as the single matrix
equation: Aj = c. This equation can be solved using the
inverse of the matrix A. That is, multiplying both sides of
the equation by the inverse of A provides the solution: j
= A-lc. The general method for finding the inverse of a
matrix and hence the solution to a system of equations is
given by Cramer’s rule.

Applications

Applications of linear algebra have grown rapidly
since the introduction of the computer. Finding the in-
verse of a matrix, especially one that has hundreds or
thousands of rows and columns, is a task easily per-
formed by computer in a relatively short time. Virtually
any problem that can be translated into the language of
linear mathematics can be solved, provided a solution
exists. Linear algebra is applied to problems in trans-
portation and communication to route traffic and infor-
mation; it is used in the fields of biology, sociology, and
ecology to analyze and understand huge amounts of
data; it is used daily by the business and economics
community to maximize profits and optimize purchas-
ing and manufacturing procedures; and it is vital to the
understanding of physics, chemistry, and all types of
engineering.

See also Solution of equation.

Resources
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Bittinger, Marvin L:, and Davic Ellenbogen. Intermediate Al-
gebra: Concepts and Applications. 6th ed. Reading, MA:
Addison-Wesley Publishing, 2001.
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KEY TERMS
Linear equation—A linear equation is one in
which no product of variables appears. The graph
of a linear equation is a straight line, hence the
term linear.

Matrix—A matrix is a rectangular array of num-
bers, such as a table, having | rows and j columns.

Simultaneous equations—When the solution to
an equation satisfies two or more equations at the
same time, the equations are called simultaneous
equations.

Variable—A variable is a quantity that is allowed
to have a changing value, or that represents an un-
known quantity.

Vector—A quantity or term that can be expressed
in terms of both magnitude (a number) and a di-
rection.

Garfunkel, Soloman A., ed. For All Practical Purposes, Intro-
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Freeman, 1988.

Larson, Ron. Calculus With Analytic Geometry. Boston:
Houghton Mifflin College, 2002.
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ed. Boston: PWS-KENT Publishing Co., 1990.

Weisstein, Eric W. The CRC Concise Encyclopedia of Mathe-
matics. New York: CRC Press, 1998.

J. R. Maddocks

Lion see Cats

Lipid
Lipids are a class of natural, organic compounds in
plants and animals, defined by a specific way they behave:
they are soluble in non-polar solvents. That is, lipids are
not soluble in water but dissolve in solvents like gasoline,
ether, carbon tetrachloride, or oil. The vast majority of
lipids are colorless and mostly fats and oils.

Lipids comprise one of the three broad classifica-
tions into which nourishing substances can be broken.
Lipids, proteins, and carbohydrates are the three very
general classifications. Fiber may be filling but is not
called nourishment. Lipids are rich in energy, supplying
twice the caloric value per unit weight than carbohy-
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drates or proteins. Seeds contain lipids as energy storage
substances to get the plant started.

Lipids are derived from living systems of plants, an-
imals, or humans. Substances that are lipids may also be
called fat-soluble. For example, this designation is fre-
quently applied to those vitamins in our food that a
human can store in body fat. This is contrasted with the
vitamins that are not lipid-like, but are instead water sol-
uble. Excesses of the water soluble vitamins are passed
in one’s urine and must be replaced frequently. The fat-
soluble, lipid-like vitamins do not need to be taken daily.
(The common known fat-soluble vitamins are vitamins
A,D,E,and K\)

Typical lipids

Besides the lipid vitamins that are fat-soluble, hor-
mones, waxes, oils, and many very important substances
are also examples of lipids. These examples bear little
similarity to one another in terms of their chemical for-
mulations. Lipids also vary greatly in their molecular
structure. Most lipid molecules are not electrically
charged, nor is either end of the compound the least bit
electrically polarized. They are non-polar compounds,
electrically neutral throughout.

Because there is no structural definition of lipids,
the exact definition of a lipid is a bit vague and a few sci-
entists seeking a broad definition will include almost any
organic compound that is not water soluble. Many of
these can be volatile because their molecules are small.
Most scientists do not include mineral oils or waxes ob-
tained from petroleum or paraffin. Instead interest is fo-
cused on substances related to living plant and animal
biochemistry. And these substances are comprised of
large molecules that are non-volatile.

Many lipids are essential to good human health.
Some of them serve as chemical messengers in the body.
Others serve as ways to store chemical energy. There is a
good reason that babies are born with “baby fat.” Seeds
contain lipids for the storage of energy. People living in
Arctic zones seek fatty foods in their diet.

Fat is a poor conductor of heat so lipids can also
function as an insulator. Their functions are as varied as
their structures. But because they are all fat soluble,
they all share in the ability to approach and even enter a
body cell.

Lipids and cell membranes

Body cells have a membrane that is quite compli-
cated but it can be represented by a double layer of lipids
or lipids attached to proteins. Thus the behavior of lipids
and lipid-like molecules becomes very important in un-
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KEY TERMS
Enzyme—Biological molecule, usually a protein,
which promotes a biochemical reaction but is not
consumed by the reaction.

Metabolism—The process by which food material
is broken down and used in the construction of
new material.

Molecule—The smallest unit of a compound hav-
ing the properties of the compound. A molecule is
made up of more than one atom. Water, H,0, is a
molecule composed of three atoms.

Organic—Substances associated with living systems
is the old, but common definition. Now chemists
apply it to most compounds that contain carbon
atoms, especially rings or chains of carbon atoms.

Polar/non-polar—Characterized by having oppo-
site ends, as a magnet has a north and south pole.
When applied to compounds it means that one
end of the molecule, or individual part that com-
prises the compound, has an abundance of elec-
trical charge and the other end has a shortage of
electrical charge. Something that is non-polar is
electrically neutral throughout the molecule. The
compound has no positive or negative end.

Proteins—Important nitrogen containing organic
compounds that are most easily identified as the
building material of a body’s meat, skin, and fin-
ger nails.

Solubility—The amount of a material that will dis-
solve in another material at a given temperature.

Volatile—Readily able to form a vapor at a rela-
tively low temperature.

derstanding how a substance may or may not enter a cell.
Many biochemical processes that occur in our bodies are
becoming better understood as scientists learn more
about the lipid-like layer around cells.

Another insight to be gained by understanding the
lipid layer around a cell membrane deals with problems
associated with pesticides or other lipid-like molecules
that get into places other than those intended. The prob-
lems arise because many pesticides are lipid-like and
may change the way the cell membrane behaves.

Lipids that are found associated with proteins go by
the term lipoproteins. Lipids attached to sugars or carbo-
hydrates are called glycolipids. There are also lipids at-
tached to alcohols and some to phosphoric acids. The at-
tachment with other compounds greatly alters the behav-

GALE ENCYCLOPEDIA OF SCIENCE 3

ior of a lipid, often making one end of the molecule
water soluble. Such new substances are bipolar and can
become involved in aqueous chemistry. This is impor-
tant because it allows lipids to move out of one’s intes-
tine and into the blood stream. In the digestion process,
lipids are made water soluble by either being broken
down into smaller parts or becoming bipolar through as-
sociation with another substance. The breaking down is
usually done via two different processes. One is called
hydrolysis, which means chemical reaction with water,
and the other is called saponification.

Metabolism of lipids

The processes by which a lipid is broken down or by
which it is built are quite complicated. The liver can con-
vert fats into blood sugar, or glucose. Very specific and
very effective enzymes are involved in the many steps of
the processes. As a group, these enzymes are called li-
pases. There is one group of lipids that are not easily
broken down. These non-saponifiable lipids are the
steroids and carotenoids. Carotenoids are red or yellow
pigments found cells involved in photosynthesis.

Resources

Books

Gebo, Sue. What's Left to Eat? New York: McGraw Hill, 1992.

Holme, David J., and Hazel Peck. Analytical Biochemistry.
Essex, England: Burnt Mill, Harlow, 1993.

Sullivan, Darryl, and Donald E. Carpenter, eds. Methods of
Analysis for Nutritional Labeling. Arlington, VA: AOAC
International, 1993.
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Liquid crystals

Liquid crystals are pure substances in a state of
matter that shows properties of both liquids and solids
over a specific temperature range. At temperatures
lower than this range, the liquid crystals are only like
solids. They do not flow and their molecules maintain a
regular arrangement. At temperatures above this range,
the liquid crystals behave only like liquids. They can
flow and the molecules have no special arrangement.
Within the temperature range, different for every liquid
crystal, liquid crystals are able to flow but they still keep
their molecules in a specific arrangement.

The molecules of liquid crystals are usually much
longer than they are wide. You can think of them like pen-
cils. When light waves pass through these molecules, the
speed of the light depends on whether it is traveling along

2349

sjeysA1d pinbry



Lithium

the short direction or along the long direction. Depending
on the specific liquid crystal, one direction will be faster
than the other. Imagine the light wave as a wiggling rope.
The direction of wiggle or vibration is called the polariza-
tion of the light wave. When the light wave emerges from
the liquid crystal, the direction of polarization may have
been changed due to the difference in light speed along
different directions. Our eyes can not detect the direction
of light polarization but a device called a polarizer can.
Many of the first liquid crystals discovered were chemi-
cally made from cholesterol and showed this twisting ef-
fect. Cholesterol itself is not a liquid crystal, but any lig-
uid crystal that shows this spiral, even if it not made from
cholesterol, is still called cholesteric.

The cholesteric class of liquid crystals shows some
color effects that do not require a polarizer to see. The
twist of the spiral structure is very regularly spaced, almost
like the steps of a spiral staircase. When white light falls on
this spiral, most of it passes through. But white light is ac-
tually composed of many different colors of light waves.
Light waves of different colors have different lengths. The
length of a wave, called the wavelength, is measured from
one point of the wave to another identical point. If the light
wave is just the right length to match the regular spacing of
the spiral, it will be reflected instead. So depending on the
size of the helix spacing, only certain colors will be reflect-
ed. One way to control the size of the helix spacing is by
choosing liquid crystals that twist a lot or a little from one
layer to the next. Another way is by controlling the temper-
ature. When a cholesteric helix is warmed, the layers twist
a little more. This means that the regular spacing of the
“stairs” of the spiral is closer. The light waves that are re-
flected will be the short light waves which are blue in
color. When the cholesteric is cooled, there is less twisting
and a longer spacing, so longer light waves are reflected.
Long light waves are red. This is the mechanism that
makes liquid crystal thermometers work—you see red
when the liquid crystals in the thermometer are cool, then
yellow, green, and blue as they are warmed.

The most important use of liquid crystals is in dis-
plays because the molecules of a liquid crystal can con-
trol the amount, color, and direction of vibration of the
light that passes through them. This means that by con-
trolling the arrangement of the molecules, an image in
light can be produced and manipulated. Liquid crystal
displays, or LCDs, are used in watch faces, laptop com-
puter screens, camcorder viewers, virtual reality helmet
displays, and even television screens.

Current research in liquid crystals is focused on mix-
ing liquid crystals with other materials like polymers.
Scientists hope to make mixtures for liquid crystal dis-
plays so that these displays can show more detail, more
color, and change image faster, but use less energy.
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KEY TERMS

Light speed—How fast light gets from one place
to another. The speed of light depends on the ma-
terial through which it must travel.

Light wave—A way of picturing the energy in light
as a wiggling rope.

Molecule—A combination of atoms. Molecules
are the smallest units of compounds.
Polarization—The direction of vibration or “wig-
gle” of a light wave.

Polarizer—A device that allows only one direc-
tion of light vibration to pass through it.

State of matter—The condition of being a gas, lig-
uid, or solid.

Wavelength—The distance between two consecu-
tive crests or troughs in a wave.
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Lithium

Lithium has been the treatment of choice for manic-
depressive illness for several decades. Lithium is a trace
element found in plants, mineral rocks, and in the human
body. Today, the major source of medical lithium is mines
in North Carolina. Lithium is classified as an antimonic
medication because of its ability to reverse mania, a
mood disorder characterized by extreme excitement and
activity. In addition, lithium is also effective in reversing
deep depression, the other mood extreme of manic-de-
pressive illness, and in decreasing the frequency of
manic and depressive cycles in patients. Manic-depres-
sive illness is now generally referred to as bipolar disor-
der, a term preferred in the psychiatric community.
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While there has been a great deal of success in treat-
ing manic-depressive patients with lithium and returning
them to a normal life, researchers are not exactly sure
how it works. It is a non-addictive and non-sedating
medication, but its use must be carefully monitored for
possibly dangerous side effects. For some patients suf-
fering from some symptoms of schizophrenia, lithium
may be used in combination with other medications.
Lithium is also used to treat people who suffer from
unipolar depression.

Before lithium was in general use for the treatment
of bipolar disorder, as many as one in five patients with
this condition committed suicide. Many who suffered
from this illness were never able to live normal, produc-
tive lives. Lithium therapy now allows many people with
bipolar disorder to participate in ordinary everyday life.
Seventy to 80% of bipolar patients respond well to lithi-
um treatment without any serious side effects.

History of use

The use of lithium for medicinal purposes can be
traced back 1,800 years to the Greek physician Galen,
who treated patients with mania by having them bathe in
alkaline springs and drink the water, which probably
contained lithium. In 1817, the Swedish chemist, August
Arfwedson, described the element lithium, which he
named from the Greek word that means stone. It is the
lightest of the alkali (soluble salt) metals. In the 1840s,
lithium was mixed with carbonate or citrate to form a
salt and was used to treat gout, epilepsy, diabetes, can-
cer, and sleeplessness. None of these treatments were ef-
fective, but interest in lithium as a medicine continued.
In the 1940s, lithium chloride was administered as a salt
substitute for patients requiring low-salt diets. This
proved to be dangerous because an insufficient amount
of sodium in the body causes lithium to build up. Too
much lithium can cause poisoning and even death if the
levels become too high.

John Cade

The story of lithium parallels other stories in med-
ical history where the medicinal value of a substance is
discovered accidently. In 1949, John Cade, an Australian
psychiatrist, decided to experiment with lithium on
guinea pigs. He theorized that uric acid was a cause of
manic behavior. Since he needed to keep the uric acid
soluble, he used lithium salts as an agent in the solution.
The guinea pigs did not become manic as he expected,
but instead they responded by becoming extremely calm.

When Cade used the lithium treatment on 10 manic
patients, he reported remarkable improvement in the pa-
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tients’ condition. One patient who had been in a manic
state for five years was able to leave the hospital after a
three-month treatment and resume a normal life. Cade
reported his results in the Medical Journal of Australia,
but his findings did not have an impact on the medical
community at that time.

When Cade carried out his experiments, reports of
lithium poisonings were widespread in the United States.
It was not until the work of Mogens Schou, who cam-
paigned for recognition of lithium as a treatment for
manic-depressive illness, that acceptance of lithium
began. In the United States, however, it did not gain full
FDA approval until 1974, although trials were conducted
during the 1960s.

Administration

The dosage of lithium must be regulated on an indi-
vidual basis. The level of concentration in the blood
must be approximately between 0.8-1.4 milli-equivalents
per liter of blood. For this reason blood samples must be
taken regularly when a person is receiving lithium treat-
ment. When the concentration of lithium is too low, the
desired results will not be obtained and if it is too high,
there may be adverse side effects.

Initially, the dose given is very low, then a blood
sample is taken, and the dosage is increased gradually
until the desired concentration is reached. When therapy
is initiated, blood samples are taken every three or four
days, then once a week, progressing to every two weeks,
once a month, then perhaps every three or four months.
In order to maintain the desired level, the medication is
usually taken periodically throughout the day, depending
upon the dosage. Slow-release and sustained-release
tablets and capsules have been developed that make the
administration of lithium medication easier. It is some-
times taken in liquid form as well.

Precautions

Lithium is absorbed quickly into the bloodstream
and carried to all tissues of the body and brain. It is ex-
creted through the kidneys. Because sodium is also
passed out through the kidneys and affects lithium secre-
tion, a normal sodium balance is necessary to maintain a
lithium balance as well. If there is an insufficient amount
of sodium in the body, the lithium builds up and can be-
come toxic.

Besides avoiding a low-salt diet, patients receiving
lithium therapy for bipolar disorder are cautioned to drink
alcohol in moderation and to discuss all over-the-counter
and prescription medicine with their psychiatrists, since
some antibiotics and anti-inflammatory agents like
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KEY TERMS
Electroconvulsive therapy (ECT)—Administration
of a low dose electric current to the head in con-
junction with muscle relaxants to produce convul-
sions. A treatment method whose underlying ac-
tion is still not fully understood, it has proven ef-
fective in relieving symptoms of some severe psy-
chiatric disorders for which no other treatment has
been effective, for example, severe depression.

Manic-depressive illness—Bipolar disorder, a con-
dition where the patient exhibits both an excited
state called mania and a depressed state.

Schizophrenia—A mental illness characterized by
thought disorder, distancing from reality, and
sometimes delusions and hallucinations.

Unipolar depression—A mental illness in which
the patient suffers from depression only.

ibuprofen can increase lithium levels in the bloodstream.
The use of lithium during pregnancy presents certain
risks. Electroconvulsive therapy (ECT) is sometimes rec-
ommended for pregnant patients who have been taking
lithium as treatment for bipolar disorder. Older persons
on lithium and low-salt diets must also be cautious.

Possible side effects of lithium therapy are stomach
ache, nausea, vomiting, diarrhea, hand tremors, thirst, fa-
tigue, and muscle weakness. Some patients report weight
gain while on lithium and a thyroid condition may devel-
op, but can be easily treated with thyroid replacement
hormones.

By and large, lithium treatment has been an effective
drug for patients suffering from bipolar disorder. Many re-
main in treatment for extended periods of time without
any harmful side effects, and most importantly, are able to
lead normal and productive lives without hospitalization.

See also Antipsychotic drugs; Manic depression.
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Lithography

Lithography is a method of printing an image by
applying patterned layers of color to paper with a series
of etched metal or stone plates. This is the process used
to print many newspapers and multi-colored lithographs.
It is also the general name for the techniques used to fab-
ricate integrated circuits (ICs).

Lithography in printing

The concept of lithography was developed by German
Aloys Senefelder in 1796. He used a stone slab with printed
grease marks and dampened it with water. When a coating
of ink was applied to the stone, it adhered to the grease
marks and washed away from the wet areas. The ink was
then transferred to paper by pressing the stone against it.

Senefelder’s method was perfected over time. Metal
plates were soon used in place of stone slabs. Several
chemical solutions that repelled water and adhered to ink
better than grease could were experimented with. Litho-
graphy was used with several different color inks to cre-
ate color pictures, called lithographs, which were made
famous by Currier and Ives.

Photolithography

The invention of photography in the twentieth cen-
tury spurred the development of a new lithographic
process called photolithography. In this method, the
printer shines a bright light through a photo negative
onto a thin plate coated with light-sensitive chemicals.
The areas of the plate struck by the light harden into a re-
produced image, serving the same function as the grease
design in early lithography. Today, lithographic process-
es are the most widely-used printing methods.

Lithography and integrated circuits

The same lithographic concepts used to reprint text
and pictures on paper can be used to manufacture inte-
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grated circuits. In this case, a polymer resist is used to
repel the subsequently applied layers of metal conduc-
tors, semiconductor materials, and dielectric insulators
which are the “ink.” An integrated circuit is a tiny ver-
sion of a conventional electrical circuit. Thin films of
various materials act as insulators between conductive
material and the silicon metal substrate, or protect exist-
ing layers from implantation of other atoms. These de-
vices are built by coating a silicon wafer with patterned
layers of material, designed to allow the insulators or
protective barriers to be applied, or to leave holes in the
barrier layer permitting electrical contact. Sophisticated
circuits may require 20 or more layers. Small features
and narrow lines must be precisely placed, and the ab-
sence of material in a given spot is as critical as the pres-
ence of it somewhere else.

There are several ways lithography is used to make
integrated circuits, including visible and ultraviolet lithog-
raphy (forms of photolithography), electron beam pattern-
ing, ion beam patterning, and x-ray lithography. The most
common method is photolithography, which is well suited
to high volume production of consumer electronics.

Making integrated circuits

In the manufacture of integrated circuits, the silicon
wafer that acts as the base and a light-sensitive polymer
material, called photoresist, are used to create the pattern
of the circuit’s layers. Negative photoresists harden when
exposed to light, adhering to the base through the devel-
oping process. Positive photoresists degrade when they
are exposed to light and developed, leaving a depression.
The coated wafer is then dried 10-30 minutes in an oven
at 176—194°F (80-90°C).

After photoresist is applied to the silicon wafer, it is
selectively exposed to light with the aid of a reticle. A
reticle consists of a layer of patterned chrome on trans-
parent glass; gaps in the chrome permit light to reach the
resist-covered wafer. Exposure takes place in a device,
called a stepper, that shines light on the wafer through
the transparent regions of the reticle. Only a small region
of the wafer is exposed at a time. Then the wafer is
moved, or stepped, forward and a new segment is ex-
posed. After exposure, the wafer is put into developing
solution where the positive and unexposed photoresists
are removed. It is hard-baked at temperatures between
248-356°F (120-180°C).

After the photoresist is in place, a layer of conducting,
semiconducting, or insulating metal solution is applied to
the wafer and adheres in the pattern opposite to the pho-
toresist. The application and removal of photoresist and
metal solutions is repeated 10-20 times in the manufacture
of a single integrated circuit. In addition to the number of
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Negative photoresist—A type of photosensitve
polymer that leaves a barrier only where exposed
to light.

Photolithography—A method of integrated circuit
fabrication that uses a light-sensitive polymer to
pattern a silicon wafer with other materials.

Photoresist—Photosensitive polymer that is used
to pattern silicon wafers during integrated circuit
fabrication.

Positive photoresist—A type of photosensitive
polymer that leaves a barrier only where not ex-
posed to light.

Reticle—A photomask used to print patterns on
silicon wafers, typically made of chrome-pat-
terned transparent glass.

Stepper—A lithographic system that exposes the
wafer one small section at a time before ‘stepping’
to the next location.

Substrate—The foundation material on which in-
tegrated circuits are built; usually made of silicon.

Wafer—A very thin disk of silicon metal on which
integrated circuits are built.

steps needed to make the circuit, the complexity of the task
is increased by the necessity for precision in the manufac-
turing process. For instance, some circuits use printed fea-
tures as small as 0.35 micron. A human hair, on the other
hand, is about 100 microns in diameter.

Resources

Books

Glendinning, William, and John Helbert, eds. Handbook of
VLSI Microlithography. Park Ridge, NJ: Noyes Publica-
tions, 1991.

Jaeger, Richard. Introduction to Microelectronic Fabrication.
New York, NY: Addison-Wesley, 1988.

Kristin Lewotsky

Lithosphere

The word lithosphere is derived from the word
“sphere,” combined with the Greek word “lithos” which
means rock. The lithosphere is the solid outer section of
Earth which includes Earth’s crust (the “skin” of rock
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on the outer layer of planet Earth), as well as the under-
lying cool, dense, and fairly rigid upper part of the upper
mantle. The lithosphere extends from the surface of
Earth to a depth of about 44-62 mi (70-100 km). This
relatively cool and rigid section of Earth is believed to
“float” on top of the warmer, non-rigid, and partially
melted material directly below.

Earth is made up of several layers. The outermost
layer is called Earth’s crust. The thickness of Earth’s
crust varies. Under the oceans the crust is only about 3-
5 mi (5-10 km) thick. Under the continents, however,
the crust thickens to about 22 mi (35 km) and reaches
depths of up to 37 mi (60 km) under some mountain
ranges. Beneath the crust is a layer of rock material that
is also solid, rigid, and relatively cool, but is believed to
be made up of denser material. This layer is called the
upper part of the upper mantle, and varies in depth
from about 31 mi (50 km) to 62 mi (100 km) below
Earth’s surface. The combination of the crust and this
upper part of the upper mantle, which are both com-
prised of relatively cool and rigid rock material, is
called the lithosphere.

Below the lithosphere, the temperature is believed
to reach 1,832°F (1,000°C) which is warm enough to
allow rock material to flow if pressurized. Seismic evi-
dence suggests that there is also some molten material at
this depth (perhaps about 10%). This zone which lies di-
rectly below the lithosphere is called the asthenosphere,
from the Greek word “asthenes,” meaning “weak.” The
lithosphere, including both the solid portion of the upper
mantle and Earth’s crust, is carried “piggyback” on top of
the weaker, less rigid asthenosphere, which seems to be
in continual motion. This motion creates stress in the
rigid rock layers above it, and the plates of the lithosphere
are forced against each other. This motion of the lithos-
pheric plates is known as plate tectonics, and is responsi-
ble for many of the movements that we see on Earth’s
surface today including earthquakes, certain types of vol-
canic activity, and continental drift.

See also Earth’s interior; Magma.

Lithotripsy

Lithotripsy, extracorporeal shock wave (ESWL), is
the first non-invasive (not requiring surgical opening of
the body) treatment for eliminating kidney stones by
breaking them into sand-like particles, usually by means
of high pressure waves generated in water. The parti-
cles are then eliminated from the body during urination.
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The ESWL machine, called a lithotripter, generates
shock waves in a reservoir of water outside the body,
then focuses them with a reflecting device so they pass
through the water and into the body, striking individual
stones. Waves are disturbances that travel from one point
to another without transporting the material of the medi-
um itself. Rather, there is successive compression and
expansion of adjacent areas of the fluid. This can be vi-
sualized by imagining a cork bobbing up and down in
water as a wave passes by. There is no net movement of
water that can carry the cork along, only the passage of
the disturbance itself. A shock wave is a compression
wave (wave formed by compression of a fluid) that is
fully developed, of very large amplitude, and travels
through the medium at the speed of sound.

History

The concept of using shock waves to fragment
stones had its origin in research done in Germany during
the 1960s. Researchers found that the pitting of aircraft
wings following supersonic flight was caused by colli-
sion of the airplane wing with rain drops. ESWL was in-
troduced into the United States in 1984.

The use of sound waves to destroy kidney stones is
based on the destructive force generated when a shock
wave in fluid suddenly hits a substance that has different
properties, such as a kidney stone. The shock waves pass
efficiently through fluid mediums and can be focused so
they strike small objects.

Lithotripsy and kidney stones

Kidney stones are formed from deposits of salt and
mineral crystals on the inner surface of the kidneys or in
the bladder. Often this occurs when the urine is persistently
either acidic or alkaline. Most kidney stones contain large
amounts of calcium. They vary in size and may remain in-
side the kidney or dislodge and pass into the ureter, the
tube that carries urine from the kidney to the bladder.

If stones remain inside the kidney they may cause
damage directly, or obstruct the flow of urine. Such an
obstruction causes a buildup of pressure inside the kid-
ney and interferes with the function of this organ, a con-
dition called hydronephrosis. In turn, this can cause bac-
terial buildup in the stagnant urine, a condition called
acute bacterial pyelonephritis.

Most kidney stones produce no symptoms and are
only discovered during a routine x-ray examination, al-
though some stones may cause blood in the urine. Usually,
however, people discover they have kidney stones when
they are stricken with terrible pain along their side or back,
which occurs when the stone moves down the ureter.
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A lithotripter directs sound waves at the kidney stones of a patient, causing the stones to break and dissolve. S.|.U., Nation-
al Audubon Society Collection/Photo Researchers, Inc. Reproduced by permission.

Formerly, the two major forms of treatment were to
wait for stones to pass through the bladder in the urine,
or to remove it, usually by major abdominal surgery.
Later, endoscopes—long light tubes used for looking in-
side the body—were used to locate stones, which were
then grasped or crushed with basketlike devices on the
end of tubes inserted under the guidance of endoscopes.
But stone formation often recurs, and repeated surgery
greatly increases the risk of permanent kidney damage or
loss of the kidney. More recently, ESWL has become the
common method of treating kidney stones.

How it works

A lithotripter generates shock waves by means of
electrical or spark discharges within a spherical or ellip-
soidal reflector submerged in water. Some waves propa-
gate directly away from the curved surface of the reflec-
tor (primary shock waves). Others strike and bounce off
the inner wall of the reflector (reflected shock waves).

In order to focus the shock waves so they pass into
the body and strike kidney stones, physicians must first
locate the stones by means of fluoroscopy or ultrasound.
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During the treatment, there are a series of clicks that
correspond to the shock waves passing through the water
and body tissue to break up the stone. Treatment takes
about one to two hours.

Many lithotripters require patients to be lowered
into a water bath. Shock waves travel through the water
and into the body. The procedure restricted the position-
ing of the patient so that only stones in the upper urinary
tract were accessible to shock waves.

More recent lithotripters do not require patients to be
lowered into a bath or to lie on a bed of water. Rather, the
water is located inside the shock wave generator under
the table on which the patient lies. This keeps the patient
and water apart, permitting doctors to more easily position
patients on the table to treat kidney stones, and increases
the ability of physicians to target and destroy them.

ESWL does not damage the kidney, so the physician
can repeat the procedure if necessary. Most patients can
return home the same day of treatment.

In some patients, a stone may be able to be seen
only after a narrow tube called a stent is placed in the
ureter. The patient is first put under anesthesia. Then the
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physician inserts a thin, narrow light tube called a cysto-
scope into the urethra to help guide placement of the
stent. The stent is removed after treatment.

Following treatment, the patient may feel an ache in
the lower back, and may have some discomfort passing
the remains of the stones. In addition, there is often
blood in the urine.

The treatment is not recommended for everyone.
For example, women who are pregnant and individuals
who already have urinary tract infections should not un-
dergo ESWL.

See also Bacteria; Fiber optics; Urology.

Marc Kusinitz

Liverwort

The liverworts are one of three classes in the plant
phylum Bryophyta. The other two classes are mosses
and hornworts. Liverworts are small, green, terrestrial
plants. They do not have true roots, stems, or leaves. In-
stead, they have an above ground leaf-like structure,
known as a thallus, and an underground structure, known
as a rhizoid. Most liverworts are found in moist environ-
ments and they tend to be less resistant to desiccation
than their relatives, the mosses. Many liverwort species
are found in temperate North America, but most species
grow in the tropics.

General characteristics

Like mosses and higher plants, liverworts use
chlorophyll-a, chlorophyll-b, and carotenoids as photo-
synthetic pigments and store their food reserves as
starch. As in mosses and higher plants, their cell walls
are composed of cellulose.

Like mosses and hornworts, liverworts are restricted
to moist environments for two principal reasons. First,
they lack a vascular system for efficient transport of
water and food. Second, their sperm cells must swim
through water to reach the egg cells.

The thalli of most liverworts have dorsiventral mor-
phology. In other words, they have distinct front and
back sides. In this respect, liverwort thalli are similar to
the leaves of higher plants.

The name “liverwort” is centuries old and was given
to these plants because their thalli are liver-shaped. In
earlier times, people believed in the doctrine of signa-
tures. This dictated that a plant part which resembles a
bodily organ can be used to treat diseases of that organ.
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Thus, liverworts were used to treat diseases of the liver.
Western science has long since discredited the “doctrine
of signatures,” although it is still advocated by various
“New Age” and other pseudoscientific movements.

Life cycle

The general features of the liverwort life cycle are
the same as in mosses. Both have a characteristic alterna-
tion of generations in which the multicellular diploid
sporophyte is dependent on the green and “leafy” hap-
loid gametophyte. As with mosses, the gametophyte of
liverworts is the form most commonly seen in nature.

In most species, a haploid liverwort spore germinates
and gives rise to a single-celled protonema, a small fila-
mentous cell. In general, the haploid gametophyte devel-
ops from the protonema. In most liverworts, the gameto-
phyte is procumbent, although in some species it is erect.
Typically, the gametophyte has a subterranean rhizoid, a
specialized single-celled structure which anchors the liver-
wort to its substrate and takes up nutrients from the soil.

Male and female reproductive organs, the antheridia
and archegonia, grow from the gametophyte. These arise
directly from the thallus or are borne on stalks. About
80% of the liverwort species are dioecious (male and fe-
male on separate plants) and the other 20% are monoe-
cious (male and female on the same plant). Each
archegonium produces a single egg; each antheridium
produces many motile sperm cells, each with two
flagella. The sperm cells must swim through water to
reach the archegonium. Then, the sperm fertilizes the
egg to form a diploid cell. This eventually develops into
a multicellular diploid sporophyte.

The sporophyte of liverworts, like that of mosses,
has a terminal capsule borne on a stalk, known as a seta.
As the sporophyte develops, haploid spores form inside
the capsule. In general, the sporophytes of liverworts are
smaller and simpler in morphology than those of mosses.
Another difference is that the liverwort seta elongates
after capsule maturation, whereas the moss seta elon-
gates before capsule maturation.

Spore dispersal

Liverworts have a characteristic method of spore
dispersal. Inside the sporophyte capsule, spores are at-
tached to specialized cells known as elaters. The elater is
tubular in shape and has one or more cell wall thicken-
ings which are helically oriented along the long axis of
the cell. These helical thickenings are hydroscopic, in
that they readily absorb water.

As the liverwort capsule dries, it opens up. Then the
helical cell wall thickenings of the elater dry out and the

GALE ENCYCLOPEDIA OF SCIENCE 3



KEY TERMS

Diploid—Nucleus or cell containing two copies
of each chromosome, generated by fusion of two
haploid nuclei.

Elater—Specialized tubular cells with helically
oriented cell wall thickenings to which liverwort
spores are attached.

Gametophyte—The haploid, gamete-producing
generation in a plant’s life cycle.

Gemma—Multicellular asexual
structure of mosses and liverworts.

reproductive

Haploid—Nucleus or cell containing one copy of
each chromosome.

Meiosis—Division of the cell’s nucleus in which
the number of chromosomes is reduced by half,
typically from the diploid to the haploid.
Sporophyte—The diploid, spore-producing gener-
ation in a plant’s life cycle.

Thallus—A single plant body lacking distinct stem,
leaves, and roots.

elater changes its shape. As this happens, the elater releas-
es the bound spores which are then dispersed by wind.

Asexual reproduction

Like mosses, many species of liverworts reproduce
by making gemmae. Gemmae are small circular or
spherical reproductive structures which are borne inside
gemmae cups. The gemmae cups form on top of the thal-
lus. Gemmae formation is an important form of asexual
reproduction in many species of liverworts and mosses.

Evolution

There are only a few fossils of liverworts and
mosses and there are no fossils of hornworts. This is
because the soft tissue of these bryophytes does not
fossilize well. The oldest known liverwort fossil is
from the late Devonian period, about 350 million years
ago. Most botanists believe that they originated long
before this.

Some botanists have proposed that there are over
10,000 species of liverworts in the world. A more realis-
tic estimate is about 6,000 species. The number of
species may have been overestimated in the past because
the morphology of many species is plastic, in that it dif-
fers in different environments. This makes identification
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Common liverwort (Marchantia polymorpha). JLM Visuals.
Reproduced by permission.

of liverwort species very difficult, typically more diffi-
cult than that of higher plants.

Interestingly, even though liverworts originated sev-
eral hundred million years before the flowering plants,
there are several hundred thousand species of flowering
plants but only about 6,000 species of liverworts. The
reason for this may be that liverworts rely upon the inef-
ficient mechanism of water-transported sperm for sexual
reproduction. Thus, it has been proposed that most
species of liverworts rely upon asexual gemmae as a
means of reproduction. Asexual reproduction tends to re-
duce genetic diversity. Since genetic diversity is needed
for new species to evolve, the liverworts and other
bryophytes may have evolved into a sort of evolutionary
dead end.

See also Bryophyte.

Resources

Books

Greenaway, T. Mosses and Liverworts. Orlando: Raintree
Steck-Vaughn, 1992.

Margulis, L., and K.V. Schwartz. Five Kingdoms. W.H. Free-
man and Company, 1998.

Peter A. Ensminger

Livestock

Livestock is a collective term for domesticated ani-
mals that are kept, mostly for the production of meat,
milk, wool, or other products. The most common species
are cattle, pigs, sheep, goats, horses, and chickens. The
term is not used in reference to animals that are kept as
pets or companions.
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Livestock

Livestock are domesticated species, which have
been genetically modified over time through the artifi-
cial selection of desirable traits by humans, with a view
to increasing the docility of the animals, their size and
productivity, their quality as agricultural products, and
other culturally desired features. Some species of live-
stock no longer occur in their original, non-domesticat-
ed, free-living form, and they are totally dependent on
humans for their continued existence. However, humans
are also substantially dependent on their livestock for
sustenance and other purposes. Consequently, the symbi-
otic relationship between humans and their domestic
livestock could be termed a mutualism, that is, a mutu-
ally beneficial relationship between two species.

Some of the domesticated species of livestock have
become enormously abundant in cultivation. The world’s
population of sheep and goats has been estimated at
about 1.7 billion, while there are some 1.3 billion cows,
0.85 billion pigs, 0.12 billion horses, and 0.16 billion
camels and water buffalo. Some smaller species of live-
stock are even more abundant, including an estimated
10-11 billion fowl, mostly chickens. In comparison, the
total population of humans is about 5.8 billion individu-
als. The populations of species of both livestock and hu-
mans are growing quite rapidly, in the case of humans at
about 1.7% per year or 93 million people per year.

Cows

Cows are large animals in the family Bovidae that
are kept as sources of meat, hides, and milk. Cows are
grazing animals, eating grasses and other types of herba-
ceous plants.

The domestic cow or ox (Bos taurus) is a massive
animal with a heavy body, a short neck with a dewlap
hanging beneath, two hollow horns, and a long, tufted
tail. The natural tendency of these animals is to live in
herds of mature females and their calves, led by a mature
bull. One calf is usually born after a nine-month gesta-
tion, and these feed on their mother’s milk for six
months, after which they are weaned.

Some races of domestic cattle may be descended in
part from the golden ox or aurochs (Bos primigenius) of
Europe, which became extinct in the wild in the seven-
teenth century. Domestic cows are also partly descended
from the zebu (B. indicus) and the Indian ox (B. na-
madicus).

The zebu, brahman, or oriental domestic cow is a
tropical species of cow with a distinctive, fatty-humped
back, and a pronounced dewlap. Relatively minor, do-
mesticated species are the gayal (Bos frontinalis) of
southern Asia, and the banteng (B. sondaicus) of South-
east Asia.
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The domestic cow, however, is by far the most abun-
dant cow in agriculture. This species can be used as a
draft animal, in which case they are referred to as oxen.
These animals are very strong and are capable of hauling
heavy loads or plowing soil. There are various races of
domestic cows, which vary in the length and shape of
their horns, body size and shape, body color, and other
characteristics. The black-and-white blotched holstein is
a familiar variety, as is the uniformly light-brown jersey.

In modern North American agriculture, beef cattle
are commonly born and initially raised on rangelands.
They are then herded together and transported to feedlots
closer to their markets, where they are fed nutritious
foods, and gain a great deal of weight prior to being
slaughtered at a central facility. The carcass is dissected
into various products, ranging from high-value steaks
and roasts, to lower grades of meat that are ground into a
composite product, known as hamburger. Especially
fatty meats, internal organs, blood, and other tissues are
generally used to manufacture sausages and hot dogs.
The hide is used to make leather. Remarkably little of the
carcass is wasted.

Veal is a specialty meat that is produced from young
animals that are kept in very close confinement for their
entire lives. The highest-quality, epicurean veal is pale-
colored and very tender. To achieve this product grade,
veal calves are tethered and confined closely so they can-
not move very much, and they are fed a diet that is highly
deficient in iron, which helps to lighten the color of their
flesh. They are also removed from their mothers before
they are fully weaned, because a milk diet also promotes
the development of a less tender, red-colored flesh.

Dairy cattle are raised for their milk, which is a nu-
tritious fluid rich in sugar, protein, and fat. Dairy cattle
are usually kept under relatively confined conditions, al-
though when the weather is suitable they are usually al-
lowed to forage in local pastures. Cow milk can be drunk
directly by humans (after pasteurization to kill bacterial
pathogens that may be present), or used to manufacture
butter, cream, cheese, or other foods. When their milk
production starts to decline significantly as they age,
dairy cows are typically slaughtered for their meat.

Sheep and goats

Domestic sheep and goats are horned species of
livestock that are commonly raised around the world.

The domestic sheep (Ovis aries) is an ancient do-
mesticated species, probably native to southern Europe,
the Middle East, and North Africa. However, the domes-
tic sheep has been widely kept as livestock for thousands
of years, and its exact lineage is not known. Sheep are
very hardy animals in alpine, boreal, and temperate cli-
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Chickens being grown as broilers for Goldkist inside a large henhouse. Photgraph by Norm Thomas/Photo Researchers, Inc.
Reproduced by permission.

mates, and they are most commonly cultivated for their
wool, meat (known as mutton), hides, and milk. Sheep
are usually kept in relatively open pastures, where they
forage on grasses and other herbaceous plants.

Many varieties of sheep have been bred to suit par-
ticular climates, or to yield particular types of products.
Probably the most widely-cultivated variety is the Meri-
no sheep, which is commonly raised for its fine wool,
and is well suited to relatively dry climates. This variety
is the most common sheep raised in Australia, which is
the world’s leading producer of sheep and their products.

The domestic goat (Capra hircus) is descended from
wild goats of the mountains of Asia Minor. The domes-
tic goat is a very hardy animal, capable of finding forage
in seemingly barren and arid places, and is resistant to
many types of diseases. Goats are primarily raised for
their meat, milk, and hides.
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There are numerous varieties of domesticated goats.
The Swiss or alpine goat is a common breed which is
often raised for its milk, which can be consumed directly,
or used to make butter or cheese. The Kashmir and angora
goats are long-haired varieties that are raised for their long
“wool,” which can be woven into warm, soft garments.

The yak (Poephagus grunniens) is a sheep-like ani-
mal that is kept as livestock on highland plateaus of the
Himalayas of Asia. This animal is a source of an ex-
tremely fine wool, as well as hides, meat, and milk. The
related musk ox (Ovibos moschatus) is a minor species
of livestock that is in the initial stages of domestication
for its extremely light and fine wool and its gamey meat.

Pigs
The domestic pig or boar (Sus scrofa) is derived

from the wild boar of Eurasia. The pig is an ancient do-
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mesticate, and has been cultivated for thousands of
years, from the tropics to the temperate zone. Pigs are
raised mostly as a source of meat. Pigs are an extremely
productive type of livestock because they have large lit-
ters (as many as 12 babies at a time), and they are quite
efficient in converting their feed into body growth.

There are many varieties of pigs, adapted for various
climates, cultural conditions, and uses. The white York-
shire is a commonly cultivated, light-colored, rapidly
growing variety, with erect ears.

Horse and donkey

The domestic horse (Equus caballus) is descended
from the wild horse of the steppes of Eurasia. Horses are
mostly used for riding and as draft animals, and they are
also eaten in many countries.

There are many varieties of horses. The Arabian
horse has been bred for great speed, and is the most com-
mon type of riding and racing horse. Although quite
fleet, this breed does not have great endurance, and can-
not maintain a fast pace for very long. Other horses, such
as the hackney and the American standard, have been
bred to haul lightweight carriages and racing harnesses.
Horses bred for use as draft animals to pull large wagons
or plows are much larger, and include the Clydesdale,
Percheron, and Belgian breeds.

The domestic donkey (Equus asinus) is derived
from the wild ass of Africa. This animal is mostly used
for riding and as a beast of burden, but it is also eaten
and used as a source of milk. The mule is a hybrid cross
between a male donkey and a female horse, and is highly
prized as a draft and riding animal. However, mules are
infertile, and the only way to produce them is to keep
crossing horses and donkeys.

Camels and llamas

The dromedary, or Arabian one-humped camel
(Camelus dromedarius) is a species native to the deserts
of either or both Asia and northern Africa, although today
it only occurs in domestication. This species has a single,
large, fatty hump on its back, and it can tolerate extreme-
ly dry conditions. Dromedaries are used as pack and rid-
ing animals, and as sources of meat, milk, and hides.

The bactrian camel (Camelus bactrianus) is a
species native to central Asia, where some wild herds
still roam the desert. The bactrian camel is distinguished
by the two, large, fatty humps on its back, and its shaggy
pelage. This animal is commonly kept for riding and car-
rying cargo, and as a source of meat, milk, and leather.

The llamas are closely related to the camels, but
they are smaller and do not have humps. Llamas are
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found in the highland plateaus and pampas of South
America. There are two wild species, the guanaco or
huanaco (Llama huanacos) and the vicuna (L. vicugna).
The domesticated llama is believed to have been derived
from the guanaco. These animals are ridden and used as
beasts of burden, and they also produce other useful
products. A variety known as the alpaca produces an es-
pecially fine, highly prized wool.

Buffalo

The water buffalo (Bubalus bubalis), also known as
the old-world buffalo or domestic buffalo, is a common
species of livestock in tropical countries. The water buf-
falo is commonly used as a draft animal, particularly for
plowing wet fields, for example, in the cultivation of
paddy rice. This species is also utilized for its meat, and
for milk.

The bison or American buffalo (Bison bison) is also
kept as livestock, although this is a relatively recent phe-
nomenon, and the species is not as yet intensively do-
mesticated. Bison are generally reared on ranches, and
are utilized mostly for their meat and hide.

Deer

The reindeer (Rangifer tarandus) has long been
herded by northern peoples of Eurasia, such as the Lapps
of Scandinavia. This animal is mostly raised for its meat,
milk, and hides. In recent years, a strong market has de-
veloped for the antlers of reindeer, especially when they
are still covered with fur, that is, are “in velvet.” These
antlers are sold to countries in eastern Asia, especially
China and Korea, where they are powdered and used as
an ingredient in traditional medicines.

Various other species of deer are being increasingly
kept as livestock, often on so-called “game ranches.”
Most commonly kept in this way are the American elk or
wapiti (Cervus canadensis) and the Eurasian red deer (C.
elaphus). Both of these species of deer can be considered
as being in the early stages of domestication, and they
may be more important as livestock in the future.

Rabbits

The domestic rabbit (Oryctolagus cuniculus) has
been derived from the old-world or European rabbit. The
domestic rabbit is mostly raised as a source of meat, and
for its fur, although the latter is of relatively poor quality.

Fowl

By far, the most abundant species of cultivated fowl
is the chicken (Gallus gallus), derived from the red jun-
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gle fowl of the tropical forests of south and southeastern
Asia. The chicken has been domesticated for thousands
of years, and may today be the world’s most abundant
bird, albeit in cultivation. Billions of chickens are eaten
each year by people around the world, as are even larger
numbers of chicken eggs.

Several species of ducks have been domesticated
for agricultural purposes. The most commonly cultivated
duck is derived from the mallard (Anas platyrhynchos),
which was domesticated in China about two thousand
years ago. Domesticated mallards are usually white in
color, and are sometimes called Peking ducks. The mus-
covy duck (Cairina moschata) is less common, and was
domesticated by South Americans prior to the European
colonization of the Americas.

Two commonly raised species of domesticated
goose are derived from the greyleg goose (Anser anser)
of Eurasia. This goose may have been domesticated
about four thousand years ago, and it now occurs in vari-
ous agricultural races, most of which are white in color.
A less common, domesticated species is the swan goose
(A. cygnoides).

The common turkey (Meleagris gallopavo), native
to North America and Mexico, was first domesticated
by indigenous peoples of Mexico, long before the Span-
ish conquest. Domestic turkeys are typically white, al-
though some varieties are black. Domestic turkeys are
raised for their meat, and for this reason have been se-
lected to have large breast muscles.

Other birds raised as food include the domestic pi-
geon (Columba livia), and the domestic Guinea fowl
(Numida meleagris), among others.

The welfare of livestock

In modern times, livestock is raised using various
systems of husbandry, which can vary greatly in their in-
tensity of management. The oldest, and most simple sys-
tems commonly involve animals that are locally free-
ranging, and are penned in large fenced areas, or return to
their designated shelters in each evening. Whenever these
animals are required as food, for milking, or to sell for
cash, individual or small numbers of animals are killed or
taken to the market, while the breeding nucleus remains
conserved. Raising livestock in these relatively simple
ways is common in subsistence agricultural systems, es-
pecially as practiced in poorer regions of the world.

Of course, systems used in modern, industrial agri-
culture involve much more intensive management of
livestock than is practiced by subsistence farmers. Ani-
mals raised on so-called “factory farms” are typically
bred with great attention to breeding lineages, commonly
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Domestication—The breeding of an animal or
plant species to develop varieties that are compat-
ible with living with humans, either under cultiva-
tion, or as pets.

Draft animal—A large animal that is used to pull
a load, often hitched to a wheeled vehicle, or
used to plow a field.

Husbandry—The science of propagating and rais-
ing domestic animals, especially in agriculture.

Mutualism—A mutually beneficial relationship
between species.

Sentience—This refers to the ability of an animal
to sense aspects of its environment, and to have a
conscious awareness.

Symbiosis—A biological relationship between
two or more organisms that is mutually beneficial.
The relationship is obligate, meaning that the part-
ners cannot successfully live apart in nature.

using artificial insemination to control the stud line, and
embryo implantation to control the maternal lineage.

Industrial farms also keep their animals indoors
much or all of the time, usually under quite crowded
conditions. The animals are fed a carefully designed diet
that is designed to optimize their growth rates. The dis-
posal of sewage wastes is a major problem on factory
farms, and animals commonly are kept in rather unsani-
tary, crowded conditions, standing in fecal materials and
urine. Along with the social stresses of crowding, this
makes the livestock susceptible to diseases and infec-
tions. Close attention must be paid to the health of the
animals on industrial farms, and regular inoculations and
treatments with antibiotics may be required.

The intensively managed systems by which live-
stock are raised in industrial agriculture are criticized by
ethicists, who complain about the morality of forcing an-
imals such as cows, pigs, and chickens to live under un-
natural and difficult conditions.

Serious environmental damage is also associated with
many types of industrial husbandry of livestock. For exam-
ple, serious ecological damage may be caused by the dis-
posal of sewage and other wastes, and by the use of pesti-
cides and other cultural practices to grow the enormous
quantities of fodder required as food by the livestock.

The ethical and environmental dimensions of mod-
ern systems of raising livestock are increasingly becom-
ing important issues in the debate concerning the rela-
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tionships of humans with other species, and with ecosys-
tems more broadly.
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Lobsters

Lobsters are large crustaceans in the order Decapo-
da, which also includes about 10,000 species of
crayfish, crabs, and shrimps. Decapods are character-
ized by having their carapace fused with their thoracic
segments to form a gill chamber above where the legs
join the body, and the first three of their eight pairs of
thoracic legs are modified into grasping, clawlike struc-
tures known as maxillipeds.

There are two major groups of lobsters: the typical
lobsters, in the infraorder Astacidea, and the spiny lob-
sters, in the infraorder Palinura.

The true lobsters, and the closely related crayfish,
have their three pairs of maxillipeds developed as chelae,
or large pincer-like claws used for catching and handling
food, and for defense. The first pair of claws is especially
large. These animals also have well-developed uropods, a
paired appendage that arises from the last segment of the
body and forms a major part of the tail fan. The spiny
lobsters are not chelate (that is, they do not have large
foreclaws), and their third maxilliped resembles a leg.

Biology and ecology of lobsters

The exoskeleton of living lobsters is greenish black
in color, but turns red if the animals are boiled in water
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An American lobster. JLM Visuals. Reproduced by permission.

or steamed, as when prepared as a meal for humans. Like
many crustaceans, lobsters do not have a terminal
molt—they appear to keep growing until they die an ac-
cidental death, are predated, or develop a fatal disease.
The largest of the typical lobsters can exceed 44 1b (20
kg) in weight, more than half of which is made up of
their enormous foreclaws.

Both groups of lobsters are scavengers of all types of
dead animals, detecting the presence of food using their
well-developed sense of smell. Both types of lobsters, but
particularly the typical lobsters, are also predators of a di-
verse range of other invertebrates, including cannibal-
ism of other lobsters. The typical lobsters are very effec-
tive predators, because their large, powerful claws can
crush and cut even seemingly well-protected prey.

Lobsters are most active at night. During the day
they typically hide in burrows or cavities in rock piles,
which they enter by backing in. Lobsters can crawl in all
directions, but when they are foraging they mostly pro-
ceed in a forward direction. Smaller lobsters can swim
jerkily, by rapidly back-flipping their tail fan.

Lobster reproduction

Typical male lobsters will deposit packets of sperm
on the underside of the female. The female will later use
the sperm to externally fertilize her eggs as they are laid.
The female can store the sperm for several months, wait-
ing for the egg-laying season, which typically occurs
during July and August. Females breed every two years.

Female lobsters carry their eggs (known as berries)
beneath their abdomen, attached to structures called
spinnerets. The number of eggs is related to the size of
the female, and is typically about 5,000 eggs for a 10 in
(25 cm) long female, and 40,000 for a 14 in (36 cm) long
animal. However, one 17 in (43 cm) long female had
63,000 eggs, and another slightly larger one had 97,000.
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The egg masses are periodically waved on their spin-
nerets to ensure their access to clean, well-oxygenated
water. Female lobsters carry their eggs for 10-11 months.
Hatchling lobsters are planktonic and commonly disperse
quite widely with water currents. After their fifth molt,
when they are about 1 in (2.5 cm) long, the young lob-
sters go to the bottom and begin the relatively sedentary
existence that they have for the rest of their lives. Lob-
sters are extremely vulnerable to the vagaries of drift and
predation when they are in their planktonic stage, and
when they are benthic but small. This is the reason for the
enormous reproductive output of these animals.

Species of lobsters

There are several species of typical lobsters, and a
larger number of spiny lobsters. The economically im-
portant species native to North American waters are
briefly described below.

The northern or East Coast lobster (Homarus ameri-
canus) is an abundant and widespread species of the At-
lantic coast of North America, ranging as far north as
Labrador to as far south as Virginia. This species occurs
most abundantly on rocky bottoms, and it ranges over
the entire continental shelf, even in some of the deeper
waters of the continental slope. Individual animals can
reach quite large, formidable sizes. Some humongous
animals caught in relatively deep places on the continen-
tal slope have exceeded 3 ft (1 m) in length and 44 1b (20
kg) in weight. These venerable individuals are probably
more than 100 years old.

The European lobster (Homarus vulgaris) is a close-
ly related species, occurring in temperate waters of west-
ern Europe. This species is considerably smaller than
the American lobster. The Norwegian lobster or scampi
(Nephrops norvegicus) is an even smaller lobster that
ranges from the Norwegian coast to the Adriatic coast in
the eastern Mediterranean Sea.

There are two species of spiny lobsters in North
America. The West Coast spiny lobster (Panulirus inter-
ruptus) occurs on the Pacific coast, and the Caribbean
spiny lobster (P. argus) occurs in the Caribbean Sea, off the
Florida Coast, and in the Gulf of Mexico. These warm-
water species do not have the huge, crushing, and tearing
claws of the Homarus typical lobsters, but they have a nee-
dle-sharp, spiny carapace, and very long antennae.

Lobsters and people

Lobsters are commonly captured as a food for hu-
mans, and their “fishery” is economically important in
places where these crustaceans are abundant. For exam-
ple, lobsters caught in the waters off New England or
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Continental shelf—A relatively shallow, gently
sloping, submarine area at the edges of continents
and large islands, extending from the shoreline to
the continental slope.

Over-harvesting—This refers to the capturing of
animals faster than they are able to regenerate
their populations by breeding, the population de-
clines possibly to the point of extinction in severe
cases. Potentially, economically important animal
populations can be utilized as a renewable natur-
al resource. However, if they are over-harvested,
they are being mined, and managed as if they
were a non-renewable resource.

Planktonic—Refers to an animal that lives sus-
pended or swimming in the water column. Re-
cently hatched lobsters are planktonic.

eastern Canada are more likely to be eaten in an expen-
sive restaurant in New York, London, Paris, or Hong
Kong, than in a local restaurant. Lobsters are so valuable
that they are routinely shipped by air freight across the
world to wealthy markets—entire jets may be chartered
at certain times of the year, for example, around Christ-
mas, when there is great demand for these animals in
France and elsewhere in western Europe.

Lobsters are most commonly caught using traps of
various sorts. In general, the traps are baited with a piece
of fish, and there are several entrance holes through
which hungry lobsters can enter the trap, but cannot exit.
Alternatively, lobsters are sometimes caught by scuba
divers, or by snorkeling in shallow, warm waters.

It is quite easy to over-harvest lobsters, however, re-
sulting in the degradation of the resource, and a loss of
economic opportunity. Fortunately, systems have been
developed to limit the rate of harvesting lobster popula-
tions, so that harvests can be sustained over the longer
term. These systems require the monitoring of stock
sizes, and setting and implementing appropriate catch
limits by regulating the number of traps and the sizes of
animals that can be taken.

Recent research has also been targeted to working
out systems by which lobsters can be cultivated. Lobster
“ranching” would likely involve capturing pregnant fe-
males and growing their young offspring in captivity, to
be harvested when they reach a marketable size.

Domestication of lobsters is more complex, and
would involve keeping carefully selected breeding stock,
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and periodically spawning these mature animals to pro-
duce progeny that could be reared under conditions opti-
mized for their growth. Eventually, controlled breeding
could lead to the development of breeding stock that was
genetically optimized for docility, growth rate, ease of
spawning, resistance to disease, and other desirable traits.

So far, however, cultivation systems for lobsters are
not well developed, and virtually all harvesting is done
from wild stocks of these animals.

Resources

Books

Bliss, D.E. Shrimps, Lobsters, and Crabs. Washington, DC:
Columbia University Press, 1990.

Herrick, EH. Natural History of the American Lobster. Bulletin
of the Bureau of Fisheries, 29 (1909): 148-408.

Schram, D.F. The Crustacea. Oxford, United Kingdom: Oxford
University Press, 1986.

Waddy, S.L., and D.E. Aiken. Cold-Water Aquaculture in Cana-
da. Edited by A.D. Boghen Moncton, New Brunswick: In-
stitute for Research on Regional Development, 1995.

Bill Freedman

Lock

A lock or water lock is an enclosed, rectangular
chamber with gates at each end, within which water is
raised or lowered to allow boats or ships to overcome dif-
ferences in water level. Locks have a history of over
2,000 years, and although they are most often used by
boats on canals, they also are used to transport massive
ships between seas. All locks operate on the simple buoy-
ancy principle that any vessel, no matter what size, will
float atop a large enough volume of water. By raising or

lowering the level of a body of water, the vessel itself
goes up or down accordingly. Locks are used to connect
two bodies of water that are at different ground levels as
well as to “walk™ a vessel up or down a river’s more tur-
bulent parts. This is done by a series of connecting or
“staircase” locks. Locks contributed significantly to the
Industrial Revolution by making possible the intercon-
nection of canals and rivers, thus broadening commerce.
They still play a major role in today’s industrial society.

History

The ancestor of the modern lock is the flash lock,
also called a navigation weir or stanch. It originated in
China and is believed to have been used as early as 50
B.C. The flash lock was a navigable gap in a masonry dam
or weir that could be opened or closed by a single wood-
en gate. Opening the gate or sluice very quickly would re-
lease a sudden surge of water that was supposed to assist
a vessel downstream through shallow water. This was
often very dangerous. Using the flash lock to go upstream
was usually safe but extremely slow since the gap in the
dam was used to winch or drag a vessel through.

At some point, what now seems to be a very obvious
improvement was made, and a second gate was added to
the flash lock, thus giving birth to the pound lock. The
first known example of a pound lock (whose dual gates
“impound” or capture the water) is in China in 984 A.D.
Supposedly built by Chiao Wei-Yo on the West River
section of the Grand Canal near Huai-yin, it consisted of
two flash locks about 250 ft (76.2 m) apart. By raising or
lowering guillotine gates at each end, water was captured
or released. The space between the two gates thus acted
as an equalizing chamber that elevated or lowered a ves-
sel to meet the next water level. This new method was
entirely controllable and had none of the hazards and
surges of the old flash lock.

Ships in the Miraflores locks on the Panama canal. Photograph by Will and Demi Mclintyre. National Audubon Society
Collection/Photo Researchers, Inc. Reproduced by permission.
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Although a primitive form of lock was used in Bel-
gium as early as 1180, the first pound lock in Europe
was built at Vreeswijk, Holland in 1373. Like its Chinese
ancestor, it also had guillotine or up-and-down gates.
The pound lock system spread quickly throughout Eu-
rope during the next century and was eventually replaced
by an improved system that formed the basis of the mod-
ern lock system. During the fifteenth century, the multi-
talented Italian artist, Leonardo da Vinci (1452-1519),
served the Duke of Milan as engineer and devised an im-
proved form of pound lock whose gates formed a V-
shape when closed. In 1487, da Vinci built six locks with
gates of this type. These gates turned on hinges, like
doors, and when closed they formed a vee shape pointing
upstream-thus giving them their name of miter gates. Da
Vinci realized that one great advantage of miter gates is
that they were self-sealing by the pressure of the water
(since they point upstream). Also when there is a differ-
ence in water level between one side and the other, the
pressure holding the gates together is at its greatest.
Most of the great canals of Europe use locks. In France,
the Briare Canal, completed in 1642, included 40 locks,
one series of which was a staircase of six locks that han-
dled a fall of 65 ft (20 m). The famous Canal du Midi
that leads to the Mediterranean was finished in 1692 and
used 26 locks to surmount the 206-ft (61 m) difference
from Garonne to Toulouse. It then descended 620 ft (189
m) through 74 locks. The first lock in England was built
in 1566, but it was not until 1783 that a lock was com-
pleted in North America at Lake St. Francis in Canada.

Construction and operation

The earliest locks were built entirely of wood, with
stone and then brick becoming standard materials. The
gates themselves were always wooden, with some lasting
as long as 50 years. Filling or emptying these early locks
was often accomplished by hand-operated sluices built in
the gates. On later and larger locks, it was found that
conduits or culverts built into the lock wall itself were
not only more efficient but let the water enter in a
smoother, more controlled manner. Nearly all locks op-
erate in the following manner: (1) A vessel going down-
stream to shallower water enters a lock with the front
gate closed. (2) The rear gate is then closed and the
water level in the lock is lowered by opening a valve.
The vessel goes down as the water escapes. (3) When the
water level inside the lock is as low as that downstream,
the front gate is opened and the vessel continues on its
way. To go upstream, the process is reversed, with the
water level being raised inside the lock. What the opera-
tors always strive for is to fill or empty the lock in the
fastest time possible with a minimum of turbulence. In
modern locks, concrete and steel have replaced wood
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Flash lock—A simple wooden gate that was
placed across a moving body of water to hold it
back until it had become deep; the sudden with-
drawal of which would cause a “flash” of water
downstream that would carry a boat over the shal-
lows below.

Guillotine gate—An early wooden gate on a lock
that was operated by being raised or lowered.

Miter gate—An improved type of lock gate that
turns on hinges, like a door, and meets to form a
vee pointing upstream.

Pound lock—A name for an early form of two-gate
lock in which a chamber is enclosed at either end
by vertically-rising gates and into which water is
admitted or released to change its water level and
allow a vessel to do the same.

Staircase lock—Two or more locks sharing a com-
mon gate that form a series of water steps and
allow a vessel to negotiate a steep rise.

and brick, and hydraulic power or electricity is used to
open and close the gates and side sluices. Movable gates
are the most important part of a lock, and they must be
strong enough to withstand the water pressure arising
from the often great difference in water levels. They are
mostly a variation of da Vinci’s miter gates, except now
they usually are designed to be stored inside the lock’s
wall recesses.

Probably the best known locks in the world are
those used in the Panama Canal—the most-used canal in
the world. Completed in 1914, the Panama Canal is an
interoceanic waterway 51 mi (82 km) long that connects
the Atlantic and Pacific Oceans through the Isthmus of
Panama. It has three major sets of locks, each of which is
built in tandem to allow vessels to move in either direc-
tion, like a separated, two-way street. Each lock gate has
two leaves, 65 ft (20 m) wide by 7 ft (2 m) thick, set on
hinges. The gates range in height from 47-82 ft (14-25
m), and are powered by large motors built in the lock
walls. The chambers are 1,000 ft (305 m) long, 110 ft
(33.6 m) wide, and 41 ft (12.5 m) deep. Most large ves-
sels are towed through the locks. As with all locks today,
they are operated from a control tower and use visual
signals and radio communications. Any future major
changes or improvements in the canal or its locks must
consider the fact that ocean-going vessels are simply be-
coming too large to pass through. The future may see the
construction of a sea-level canal 10 mi (16 km) west of
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the existing canal. If so, it, like the Suez Canal, will con-
tain no locks of any kind.
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Lock and key

A lock is a mechanical device for securing a door,
chest, or other receptacle so that it can only be opened by
an authorized person. Most locks are opened by a key
which is placed in the lock and turned. Combination
locks do not use a key but rather have a cylinder that is
turned to certain stops. Today, many hotels use special
plastic cards with magnetic strips as keys which cause a
door to open electronically when inserted in a slot near
the doorknob.

History

The lock originated in the Near East, and the earliest
known lock to be operated by a key was the Egyptian
lock. Possibly 4,000 years old, this large wooden lock
was found in the ruins of the palace of Khorsabad near
Nineveh, the ancient capital of Assyria. The Egyptian
lock is also known as the pin-tumbler type, and it
evolved as a practical solution to the problem of how to
open a barred door from the outside. The first and sim-
plest locks were probably just a bar of wood or a bolt
across a door. To open it from the outside, a hand-size
opening was made in the door. This evolved into a much
smaller hole into which a long wooden or metal prodder
was inserted to lift up the bar or bolt. The Egyptians im-
proved this device by putting wooden pegs in the lock
that fell into holes in a bolt, which meant that the bolt
could not be moved until the pegs were lifted out. This
was done by giving the long wooden key some corre-
sponding pins that lifted out the pegs from the holes in
the bolt so it could be drawn back. These locks were up
to 2 ft (61 cm) long and their keys were long, wooden
bars resembling a toothpick. It was this invention of tum-
blers—small, movable wooden pegs that fell by their
own weight into the bolt—that would eventually form
the basis of modern types of locks.
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The ancient Romans built the first metal locks, and
their iron locks and bronze keys are easily recognizable
even today. They improved the Egyptian model by adding
wards—projections or obstructions inside the lock—that
the key must bypass in order to work. Besides these ward-
ed locks, the Romans also invented the portable padlock
with a U-shaped bolt which is known to have been invent-
ed independently by the Chinese. Some Roman locks used
springs to hold the tumblers in place, and the Romans
made locks small enough that they could wear tiny keys
on their fingers like rings. In medieval times, locks and
keys changed little in design, with most of the effort di-
rected at making them more elaborate and beautiful. It
was during this time that lock-making became a skilled
trade, and although there were some design changes, like
a pivoted tumbler and more complicated wards, medieval
locks are characterized mainly by their high degree of lav-
ish embellishment. Despite this high level of medieval
craftsmanship, these medieval locks did not provide a
great deal of security against the determined and skilled
thief, and even with especially elaborate warding systems,
they were still relatively easy to pick or open.

Modern locks

The modern age of the lock and key is usually said
to have begun in 1778 in England when Robert Barron
first patented his double-acting tumbler lock. Also called
the multiple tumbler, this ingenious design was a major
advance in lock security and established the principle of
all lever locks. Barron’s new lock had two tumblers,
which are really levers, that had to be raised to exactly
the right height for the lock to open. Unless a properly
notched key was used to raise each tumbler, the lock
would not open. His lock could still be picked by a deter-
mined individual however, and in 1818 Jeremiah Chubb
was able to improve Barron’s lock by adding a “convict-
defying detector.” This was a spring or a special lever
that was activated if any tumbler was raised too high.
The lock would then jam, both preventing the bolt from
releasing and showing the owner that the lock had been
tampered with. Real lock security was not achieved how-
ever until English engineer Joseph Bramah (1748-1814)
first introduced his pick-proof lock in 1784, after Bar-
ron’s lock but before Chubb. Bramah’s lock was exhibit-
ed in his shop window with a sign offering a substantial
sum to anyone who could pick it. The offer outlived
Bramah whose lock remained unopened for over 50
years until a skilled American mechanic finally picked it
open after 51 hours of effort. Bramah’s 4 in (10 cm),
hand made, iron padlock was impervious because of its
extreme complexity, and he soon found that he could not
produce enough locks to meet the growing demand by
using traditional methods. His locks used a notched di-
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aphragm plate and a number of spring-loaded radial
slides that were pushed down by a notched key until they
matched the notches on the diaphragm. Producing such
precision instruments on a large scale necessitated preci-
sion machine tools, and with the help of English engi-
neer Henry Maudslay (1771-1831), Bramah produced a
series of machines that were among the first machine
tools designed for mass production. Thus the simple
lock and key were at the forefront of a revolution in
manufacturing, heralding the standardization and inter-
changeability of parts and division of labor that would
characterize modern methods of mass production.

By the mid-nineteenth century, the lock industry
was in full force and was attempting to meet the growing
demands of an economy spurred by the Industrial Rev-
olution. In 1861, the American inventor Linus Yale Jr.
(1821-1868) produced the Yale cylinder lock which was
based on the pin-tumbler mechanism of the ancient
Egyptians. This type of lock is still the most common
type used today, and it uses a small, flat key whose ser-
rated edges raise five pins in the cylinder to proper
heights and make it possible to turn the cylinder. Varying
the lengths of these five pins combined with other slight
internal changes, allowed for millions of possible combi-
nations, meaning that practically no two notched keys
are alike. In an odd twist on conventional wisdom, it
could be said that Yale took advantage of mass produc-
tion methods to manufacture unidentical articles, since
he made each set of lock and key slightly different from
the one before it. While still not infallible, Yale cylinder
locks are quite difficult to pick and offer reasonable se-
curity under ordinary circumstances. This style of lock
and key is the most familiar and the most generally used
to secure the outside doors of buildings and automobiles.

Keyless combination locks have been known since
the sixteenth century. They contain a series of rings or
tumblers threaded on a spindle which must be turned
from the outside in such a way that all the rings line up.
These rings usually have numbers or letters on them, and
if a lock has three rings with 100 numbers on each, there
are approximately one million possible combinations,
only one of which will open the lock. Combination locks
have no keyholes in which to pry or insert explosives,
and they became popular for safes and vaults. They are
often used in conjunction with time-lock devices, pre-
venting a safe or door from being opened during certain
hours even if the correct combination is used.

Altogether, today’s mechanical locks are variations of
the three basic types of locks: the early Bramah lever, the
Yale cylinder, and the combination lock. Sometimes a sin-
gle lock may combine some features of each, such as a
Finnish combination lock whose rings must be moved to
the proper position by a the turn of a key. In the United
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Combination lock—One which is operated by a
rotating dial by which certain numbers or letters in
a particular order, after a given number of turns in
the prescribed direction, are brought opposite the
setting mark, after which the lock can be opened.

Cylinder—The part of a cylinder lock that pro-
vides the security. It consists of a short cylindrical
plug containing the key hole and mechanism, ad-
justable by the key.

Spindle—The shaft of a knob or handle, usually
square, which passes through the follower to en-
able the handle, when turned, to operate the
spring bolt.

Tumbler—A part to retain the bolt or provide se-
curity in certain locks. In England, this part is
called a “lever.”

Ward—A fixed projection in a lock to prevent a
key from entering or turning, unless it is properly

shaped.

States in the 1970s, electronic locks that worked on the
same principle as the touch-tone phone became popular.
When the correct sequence of spring-loaded buttons was
pushed, the door would open. This system used no keys,
proved to be as tamper-proof as any traditional combina-
tion lock, and allowed the touch-tone sequence to be
changed at any time. Magnetism has also been used to
operate a Yale-type lock. These locks had keys with no
serrations but rather contained several small magnets. In-
sertion of the key allowed its magnets to repel magnetized
spring-loaded pins inside the lock which were raised to
open it. The newest lock and key systems do not use any-
thing recognizable as a traditional lock or key. Increasing-
ly, today’s hotels are switching to special plastic cards
with magnetic strips on them. Like a key, they are insert-
ed, but only momentarily, into a slot usually just above the
doorknob. Often a small green light flickers after with-
drawal, and the door opens if the doorknob is turned.
These cards open the door using electronic systems.

Locks and keys may change considerably over time,
but the universal human need to keep other people away
from one’s possessions will remain as important to fu-
ture generations as it did to the ancient Egyptians.

Resources
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Locus
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Locus

A locus is a set of points that contains all the points,
and only the points, that satisfy the condition, or condi-
tions, required to describe a geometric figure. The word
locus is Latin for place or location. A locus may also be
defined as the path traced out by a point in motion, as it
moves according to a stated set of conditions, since all
the points on the path satisfy the stated conditions. Thus,
the phrases “locus of a point” and “locus of points” are
often interchangeable. A locus may be rather simple and
appear to be obvious from the stated condition. Exam-
ples of loci (plural for locus) include points, lines, and
surfaces. The locus of points in a plane that are equidis-
tant from two given points is the straight line that is per-
pendicular to and passes through the center of the line
segment connecting the two points (Figure 1a).

The locus of points in a plane that is equidistant from
each of two parallel lines is a third line parallel to and
centered between the two parallel lines (Figure 1b). The
locus of points in a plane that are all the same distance r
from a single point is a circle with radius r. Given the

same condition, not confined to a plane but to three-di-
mensional space, the locus is the surface of a sphere with
radius . However, not every set of conditions leads to an
immediately recognizable geometric object.

To find a locus, given a stated set of conditions, first
find a number of points that satisfy the conditions. Then,
“guess” at the locus by fitting a smooth line, or lines,
through the points. Give an accurate description of the
guess, then prove that it is correct. To prove that a guess
is correct, it is necessary to prove that the points of the
locus and the points of the guess coincide. That is, the
figure guessed must contain all the points of the locus
and no points that are not in the locus. Thus, it is neces-
sary to show that (1) every point of the figure is in the
locus and (2) every point in the locus is a point of the fig-
ure, or every point not on the figure is not in the locus.

Compound loci

In some cases, a locus may be defined by more that
one distinct set of conditions. In this case the locus is
called a compound locus, and corresponds to the inter-
section of two or more loci. For example, the locus of
points that are equidistant from two given points and
also equidistant from two given parallel lines (Figure
1c), is a single point. That point lies at the intersection of
two lines, one line containing those points equidistant
from the two points, and one line containing all those
points equidistant from the parallel lines.

Applications

There are many other interesting loci, for example
the cycloid.
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Figure 1. lllustration by Hans & Cassidy. Courtesy of Gale Group.
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Figure 2. lllustration by Hans & Cassidy. Courtesy of Gale Group.

Figure 3. lllustration by Hans & Cassidy. Courtesy of Gale Group.

The cycloid is the locus of a point on a circle as the
circle rolls in a straight line along a flat surface. The cy-
cloid is the path that a falling body takes on a windy day
in order to reach the ground in the shortest possible time.
Some interesting loci can be described by using the mov-
ing point definition of locus. For example, consider this
simple mechanism. (Figure 3.)

It has a pencil at point A, pivots at points B and C
and point D is able to slide toward and away from point
C. When point D slides back and forth, the pencil moves
up and down drawing a line perpendicular to the base (a
line through C and D). More complicated devices are ca-
pable of tracing figures while simultaneously enlarging
or reducing them.
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Locusts see Grasshoppers
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KEY TERMS
Conic section—A conic section is a figure that re-
sults from the intersection of a right circular cone
with a plane. The conic sections are the circle, el-
lipse, parabola, and hyperbola.
Line—A line is a collection of points. A line has
length, but no width or thickness.
Plane—A plane is also a collection of points. It
has length and width, but no thickness.
Point—In geometric terms a point is a location. It

has no size associated with it, no length, width, or
thickness.

Right circular cone—The surface that results from
rotating two intersecting lines in a circle about an
axis that is at a right angle to the circle of rotation.

Lodestone see Magnetism

Logarithms

A logarithm is an exponent. The logarithm (to the
base 10) of 100 is 2 because 102 = 100. This can be ab-
breviated log;;,100 = 2.

Because logarithms are exponents, they have an inti-
mate connection with exponential functions and with the
laws of exponents.

The basic relationship is b* =y if and only if x =
log, y. Because 23 = 8, log, 8 = 3. Because, according to
a table of logarithms, log,, 2 =0.301, 10! = 2.

The major laws of logarithms and the exponential
laws from which they are derived are shown in Table 1.

In all these rules, the bases a and b and the argu-
ments x and y are limited to positive numbers. The expo-
nents m, n, p, and r and the logarithms can be positive,
negative, or zero.

Because logarithms depend on the base that is being
used, the base must be clearly identified. It is usually
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Logarithms

TABLE 1. MAJOR LAWS OF LOGARITHMS

I log, (xy) = log, x + log, vy
I log, (x/y) = log,, x - log, y
[l log, x” = yelog, x

IV log, x = (log,, a)(log.x)

V log, b"=n

Vllog 1 = 0 (any base)

b'eb” = b""
b'b" = b
(bn)m — b(nm)

Ifx=b";b=a" then x =a"
If b"=b", thenn =m
b’ =1

shown as a subscript. There are two exceptions. When
the base is 10, the logarithm can be written without a
subscript. Thus log 1000 means log;, 1000. Logarithms
with 10 as a base are called “common” or “Briggsian.”
The other exception is when the base is the number e
(which equals 2.718282...). Such logarithms are written
In x and are called “natural” or “Napierian” logarithms.

In order to use logarithms one must be able to evalu-
ate them. The simplest way to do this is to use a “scien-
tific” calculator. Such a calculator will ordinarily have
two keys, one marked “LOG,” which will give the com-
mon logarithm of the entered number, and the other
“LN,” which will give the natural logarithm.

Lacking such a calculator, one can turn to the tables
of common logarithms found in various handbooks or
appendices of various statistical and mathematical texts.
In using such tables one must know that they contain
logarithms in the range O to 1 only. These are the loga-
rithms of numbers in the range 1 to 10. If one is seeking
the logarithm of a number, say 112 or 0.0035, outside
that range, some accommodation must be made.

The easiest way to do this is to write the number in
scientific notation:

112
0035 =

1.12x 10?
35x10°

Then, using law I

log 112
log .0035 =

Log 1.12 and log 3.5 can be found in the table. They
are 0.0492 and 0.5441 respectively. Log 10? and log 1073
are simply 2 and -3 according to law V: therefore

log 112 = .0492+2 = 2.0492
log .0035 = .5442-3 -2.4559

log 1.12 + log 10°
log 3.5 + log 107

The two parts of the resulting logarithms are called the
“mantissa” and the “characteristic.” The mantissa is the dec-
imal part, and the characteristic, the integral part. Since ta-
bles of logarithms show positive mantissas only, a loga-
rithm such as -5.8111 must be converted to 0.1889-6 before
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a table can be used to find the “antilogarithm,” which is the
name given to the number whose logarithm it is. A calcula-
tor will show the antilogarithm without such a conversion.

Tables for natural logarithms also exist. Since for
natural logarithms, there is no easy way of determining
the characteristic, the table will show both characteristic
and mantissa. It will also cover a greater range of num-
bers, perhaps 0 to 1000 or more. An alternative is a table
of common logarithms, converting them to natural loga-
rithms with the formula (from law IV) In x = 2.30285 X
log x. Logarithms are used for a variety of purposes. One
significant use—the use for which they were first invent-
ed—is to simplify calculations. Laws I and II enable one
to multiply or divide numbers by adding or subtracting
their logarithms. When numbers have a large number of
digits, adding or subtracting is usually easier. Law III en-
ables one to raise a number to a power by multiplying its
logarithm. This is a much simpler operation than doing the
exponentiation, especially if the exponent is not 0, 1, or 2.

At one time logarithms were widely used for com-
putation. Astronomers relied on them for the extensive
computations their work requires. Engineers did a major-
ity of their computations with slide rules, which are me-
chanical devices for adding and subtracting logarithms
or, using log-log scales, for multiplying them. Modern
electronic calculators have displaced slide rules and ta-
bles for computational purposes—they are quicker and
far more precise—but an understanding of the properties
of logarithms remains a valuable tool for anyone who
uses numbers extensively.

If one draws a scale on which logarithms go up by
uniform steps, the antilogarithms will crowd closer and
closer together as their size increases. They do this in a
very systematic way. On a logarithmic scale, as this is
called, equal intervals correspond to equal ratios. The in-
terval between 1 and 2, for example, is the same length
as the interval between 4 and 8.

Logarithmic scales are used for many purposes. The
pH scale used to measure acidity and the decibel scale
used to measure loudness are both logarithmic scales
(that is, they are the logarithms of the acidity and loud-
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Logarithmic scale. lllustration by Hans & Cassidy. Courtesy of Gale Group.

KEY TERMS
Conic section—A conic section is a figure that re-
sults from the intersection of a right circular cone
with a plane. The conic sections are the circle, el-
lipse, parabola, and hyperbola.

Line—A line is a collection of points. A line has
length, but no width or thickness.

Plane—A plane is also a collection of points. It
has length and width, but no thickness.

Point—In geometric terms a point is a location. It
has no size associated with it, no length, width, or
thickness.

Right circular cone—The surface that results from
rotating two intersecting lines in a circle about an
axis that is at a right angle to the circle of rotation.

ness). As such, they stretch out the scale where the acidi-
ty or loudness is weak (and small variations noticeable)
and compress it where it is strong (where big variations
are needed for a noticeable effect). Another example of
the advantage of a logarithmic scale can be seen in a
scale which a sociologist might construct. If he were to
draw an ordinary graph of family incomes, an increase of
a dollar an hour in the minimum wage would seem to be
of the same importance as a dollar-an-hour increase in
the income of a corporation executive earning a half mil-
lion dollars a year. Yet such an increase would be of far
greater importance to the family whose earner or earners
were working at the minimum-wage level. A logarithmic
scale, where equal intervals reflect equal ratios rather
than equal differences, would show this.

Logarithmic functions also show up as the inverses
of exponential functions. If P = ke', where k is a con-
stant, represents population as a function of time, then t
=K + In P, where K = -In k, is also a constant, represents
time as a function of population. A demographer wanting
to know how long it would take for the population to
grow to a certain size would find the logarithmic form of
the relationship the more useful one.

Because of this relationship logarithms are also used to
solve exponental equations, such as 3 - =2x as or 4e k = 15.
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The invention of logarithms is attributed to John
Napier, a Scottish mathematician who lived from 1550 to
1617. The logarithms he invented, however, were not the
simple logarithms we use today (his logarithms were not
what are now called “Napierian”). Shortly after Napier
published his work, Briggs, an English mathematician
met with him and together they worked out logarithms
that much more closely resemble the common loga-
rithms that we use today. Neither Napier nor Briggs re-
lated logarithms to exponents, however. They were in-
vented before exponents were in use.

Resources

Books

Finney, Thomas, Demana, and Waits. Calculus: Graphical, Nu-
merical, Algebraic. Reading, MA: Addison Wesley Pub-
lishing Co., 1994.

Gullberg, Jan, and Peter Hilton. Mathematics: From the Birth
of Numbers. W.W. Norton & Company, 1997.

Hodgman, Charles D., ed. C.R.C. Standard Mathematical Ta-
bles. Cleveland: Chemical Rubber Publishing Co, 1959.

Turnbull, Herbert Westren. “The Great Mathematicians.” in
The World of Mathematics. Edited by James R. Newman.
New York: Simon and Schuster, 1956.

J. Paul Moulton

Logic, symbolic see Symbolic logic

Loons

Loons are the only surviving members of an ancient
order of birds, the Gaviiformes, which has a fossil
record extending back to the Lower Cretaceous, more
than 100 million years ago. Loons comprise their own
family, the Gaviidae, which consists of 12 extinct and
five surviving (extant) species. All of the extant species
of loons live in the Northern Hemisphere, where they
breed on lakes and ponds, from the northern part of the
temperate zone to the high arctic, and winter on marine
waters, near the shore, mostly in temperate and boreal
climates. All of the loons have, to varying degrees, a Ho-
larctic distribution, meaning they occur throughout most
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Loons

A Pacific loon resting in the grass. Photograph by A.H. Rider.
The National Audubon Society Collection/Photo Researchers,
Inc. Reproduced by permission.

of the Northern Hemisphere, in both Eurasia and North
America. In Eurasia loons are called divers.

All loons have a heavy, waterproof plumage, gener-
ally colored black or grayish above and white below.
During the breeding season, the above-water plumage
can be strikingly marked in a species-specific fashion, but
the sexes are not distinct. During winter, the plumage is
much more plainly countershaded (that is, dark above and
white below). Loons are strong, direct flyers, and are ca-
pable of daily long-distance trips between feeding and
nesting habitats. They also undertake longer seasonal mi-
grations, during which they may travel more than 3,100
mi (5,000 km). However, because they are heavy birds
with relatively small wings, loons must run briefly over
the surface of the water to gain enough speed to become
airborne (with the exception of the relatively small, red-
throated loon, which can take off directly). During the
feather molt, loons cannot fly at all. Usually, for safety,
the molt is carried out on a large body of water.

Loons are excellent swimmers, propelling them-
selves with large webbed feet, located relatively far to
the rear of the body in order to make swimming more ef-
ficient. To some degree, loons use their wings while
swimming, but underwater the wings are used mostly for
steering. Because of the rearward placement of their
legs, loons are very clumsy and almost immobile on
land. Consequently, their nests are placed close to the
shoreline, preferably on an island or islet, and not ele-
vated much above the surface of the water. Loons typi-
cally lay two eggs in a crude nest, essentially a scrape.
Both sexes participate in the incubation and rearing of
the young. Loon hatchlings can swim almost immediate-
ly, but it takes almost two months before they are capa-
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ble of flying. While they are small, the babies often roost
within the back feathers of a parent. Loons typically ma-
ture at three years of age. Immature birds stay in marine
waters until they are ready to breed.

Loons mostly eat small fish, which they seize under-
water with their bill. Loons may also consume frogs and
larger species of aquatic crustaceans and insects, espe-
cially if they are breeding on fishless ponds. In such situ-
ations, loons may also travel from the breeding pond to
the ocean or to a larger lake with fish in search of food.

Loons are known for their extraordinarily haunting
and resonant calls and wails, which may be heard while
they are flying or while they are on the water. In addi-
tion, they often engage in spectacular courtship and ter-
ritorial displays while running over the water, sometimes
while calling. Loons do not call during winter.

The red-throated loon (or red-throated diver, Gavia
stellata) has a wide, Holarctic distribution, breeding on
Arctic and subarctic lakes and ponds in both Eurasia and
North America, as far north as the limit of land on the
high Arctic islands and Greenland. It is the smallest loon,
and the only one capable of taking off directly from water
and from land. Consequently, the red-throated loon can
breed on smaller ponds than any other species of loon.

The Arctic loon (black-throated diver, G. arctica) is
found in eastern Eurasia and western Alaska and nearby
Canada, and is closely related to the Pacific loon (G.
pacifica), which occurs more widely in northern North
America. In fact, until recently these were considered to
be a single, Holarctic species, under Gavia arctica.

The common loon (great northern diver, G. immer)
breeds in subarctic and northern temperate regions of
North America, as far south as the Great Lakes region.
The common and yellow-billed loons tend to replace each
other geographically and ecologically, with little overlap
in their distributions. The yellow-billed loon (white-billed
diver, G. adamsii) is more common in Eurasia, especially
Siberia, and in extreme northwestern North America.

In the past, loons have been killed by humans in
some areas because they were viewed as important com-
petitors for fish. Loons have sometimes been hunted for
their feathers and skins, but are rarely eaten because of
the strong, fishy taste of their flesh. Today, loons are
threatened by oil spills in their oceanic wintering habi-
tat, by deforestation and other habitat damage in the
surroundings and edges of breeding lakes, by cottage de-
velopment and motorboats, and by the effects of acid
rain and aquatic mercury pollution. Acid rain can acidi-
fy lakes and ponds in the northern breeding range of
loons, causing these bodies of waters to lose their fish
population and exposing the birds to toxic elements such
as mercury, cadmium, and aluminum.
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LORAN

LORAN (Long Range Navigation) is a radio-based
navigational aid first used during World War II to locate
ships and planes with greater accuracy than could be
achieved with conventional techniques. LORAN deter-
mines location by comparing accurately-synchronized
powerful radio pulses originating from different refer-
ence transmitter sites. Pulses from nearby transmitters
arrive earlier than pulses from distant transmitters since
radio signals travel at a constant speed.

At least three different LORAN signals must be re-
ceived to determine latitude and longitude. In practice,
the distance to more than the minimum three LORAN
signals increases accuracy.

The first LORAN systems were in use before com-
puters were sophisticated enough to perform the complex
calculations needed to process the timing comparisons.
Early LORAN installations required highly-skilled opera-
tors to interpret the radio pulses. A half century later tech-
nical innovations eliminated the need for much of the
skill once required to use LORAN for navigation.

LORAN has evolved through three distinct phases,
LORAN A, LORAN B, and the present version, LORAN
C. The A and B versions were designed for navigational
assistance over relatively short distances. LORAN A and
LORAN B transmissions operated in a range of frequen-
cies just slightly higher than the standard AM broadcast
band in the United States. The present version, LORAN
C, is assigned to 100 kHz, is a frequency well below the
AM standard broadcast band. 100 kHz, a frequency
where long-distance radio propagation is very depend-
able. In contrast to LORAN A and LORAN B, LORAN
C is reliable over distances of many hundreds of miles.

The principle of LORAN

The phenomenal accuracy of LORAN is possible
because radio signals travel at a constant known speed.
Each coordinated LORAN transmitter sends out a con-
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tinuous succession of sharp radio pulses. If the LORAN
receiver is equidistant from two transmitters, the pulses
will be coincident. If the pulses from one station are re-
ceived earlier than the pulses from the other station, the
difference in the time of arrival of the two pulses con-
tains information about the difference in distance to the
two transmitters.

Radio signals travel a distance of almost exactly 984
ft (300 m) a microsecond. If a LORAN receiver mea-
sures a 100-microsecond time delay between pulses
from two identified transmitters, the receiver is some-
where along a line corresponding to all the locations that
are 9,843 ft (30,000 m) closer to the station transmitting
the pulses received first than to the other transmitter site.
That is, the receiver is not necessarily located 9,843 ft
from the closest station, but it is 9,843 ft closer to this
station than to the other station. If pulses from a different
pair of stations is measured, with at least one signal
source not involved in the first measurement, the differ-
ence in the distance to these new transmitter sites can be
determined similarly. If this second comparison reveals
that one of these transmitter sites is 16,405 ft (50,000 m)
closer than the other, the LORAN receiver will be along
a different line where the difference in distance equals
16,405 ft (50,000 m). The coordinates of the point where
these two lines cross satisfy both measurement pairs. A
third pair of signals must be measured to remove a final
ambiguity.

Interpreting LORAN measurements

Early LORAN operation required the use of a previ-
ously-prepared map, covered with curved lines that cor-
responded to various distance differences from sets of re-
ceived signal sources. The early LORAN devices indi-
cated which map lines to use, the operator found the
point on the map where the lines intersected to learn the
location.

The latest versions of LORAN C receivers no longer
require the use of a special map to determine location.
These updated units contain a more sophisticated com-
puter that calculates longitude and latitude directly, dis-
playing in a format that does not need interpretation.

The LORAN C receiver automatically tunes first
one then another and another of as many LORAN sig-
nals that can be received well enough to provide good
data. After a short calculation delay the latitude and lon-
gitude is displayed.

As an illustration of the great locating accuracy
achieved by LORAN C systems, commercial fishers
sometimes use LORAN C when looking for buoys mark-
ing submerged crab traps left unattended in the open
ocean.
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Lorises

KEY TERMS

AM—Amplitude Modulation.

Coincident—Events timed to have a constant time
difference.

Global Positioning System (GPS)—A system of
satellites whose signals can be used to locate ob-
jects on Earth (including below sea level) very pre-
cisely.

Latitude—Number of degrees north or south of
the earth’s equator.

Longitude—Number of degrees east or west of the
earth’s prime meridian.

Microsecond—One-millionth part of a second.

100 kHz—100,000 Hz, radio-frequency with a 2-
mi (3-km) wavelength.

Pulse—Signal that rises to a peak abruptly, with a
steep waterfront.

Synchronized—Occurring with the same frequency.

Sources of LORAN measurement error

There is a limit to the accuracy with which the rela-
tive timing of radio pulses can be measured. For greater
precision, pulses need to have a very steep wavefront.
That is, they must start very quickly. Pulses with steep
wavefronts must have a high harmonic content, and this
means that the transmitted signals will have sideband
components far to either side of the assigned frequency.
The LORAN signals must be confined within a fairly-
narrow band of frequencies to avoid interference with
other services, and this limitation blurs the definition of
the start of each pulse. The result is a compromise in the
accuracy of measurements of pulse timing.

There is less variation in the radio-signal propaga-
tion path taken by LORAN C signals at 100 kHz, but
there are path variations that cannot be measured. The
effect is to further reduce the quality of the information
available to the LORAN computer. These effects are
small, but they nevertheless set a limit on the available
precision of navigation information that can be obtained
from LORAN techniques.

After LORAN C

A relatively new development in electronically-sup-
ported navigation systems, the Global Position Satellite
system, seems destined to replace LORAN C. During the
years from 1978 through 1995 the United States
launched more than two dozen specialized navigational
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satellites that each orbit the earth twice every day.
These satellites transmit data that permit even portable
handheld receivers and decoders to display latitude and
longitude with great accuracy. The Global Positioning
Satellite system provides better information than can be
achieved using LORAN so it seems likely that the GPS
system will soon render the LORAN system obsolete.
LORAN will someday be found only in the history of
electronics-based navigational systems but it will have
served the world well for better than a half century.
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Lorises

The loris or bushbaby family, Lorisidae, includes 14
species of Asian and African primates. Loris is a Dutch
word for clown, given to these amusing creatures by Eu-
ropean seaman who saw them. With the lemurs, these
attractive little primates make up the group called
prosimians, or “pre-monkeys.” All lemurs are found on
the big island of Madagascar; other members of the loris
family can be found elsewhere. Unlike the lemurs, the
lorisids have little or no tail.

The family is divided into two subfamilies—the
Lorisinae, including the slow-moving pottos and lorises,
and the Galaginae, the quick-moving galagos. The galagos,
or bushbabies, are limited to Africa, but the lorises and the
pottos have expanded into India and southeast Asia.

All of these tree-living primates are nocturnal, active
in nighttime. This fact keeps them from competing with
the monkeys with which they share their habitat. There-
fore, the monkeys are asleep when the lorisids are active.
Like other prosimians, they have a reflective layer, called
the tapetum lucidum, in back of the retina of the eye. This
allows them to see when there is very little light. It also
makes their eyes shine in the dark, like a cat’s eye.

Like the lemurs, but not like the related tarsiers,
lorisids have rhinariums, which are rough-skinned, moist
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noses indicating that scent is very important in their
lives. They mark their paths for other lorises as they
move throughout their range by wetting their hands and
feet in urine. They apparently prefer to stay alone in their
territories except during breeding season.

Lorisids have front bottom teeth that point forward,
forming a dental comb used in grooming and feeding.
Underneath the tongue is a hard structure with points that
are used to clean the dental comb. Lorisids can also
groom their soft fur with the toilet claw. This is a special
claw located on the second toe. All other fingers and toes
bear flat nails. This does not mean that they have trouble
climbing, however. Their feet bear a single opposable big,
or first, toe that allows them to grasp branches tightly.
This grasping ability allows the lorisids to hang securely
upside down, dangling from their hind feet while they eat
with their hands, or perhaps just for play. The lorisids’
diet includes fruit, insects, and the oozing gum of trees.

Lorisids range in size from the tiny dwarf bushbaby
(Galago demidovii) at 2.1 oz (60 g) to the plump potto
(Perodicticus potto), which may reach more than 2 Ib (1
kg). Though it is not known how long these primates live
in the wild, they have been known to reach 12, even 14
years in captivity.

Lorises, slow and not so slow

Lorises move in very deliberate fashion, with none
of the free-wheeling abandon of many other primates.
Moving among the branches of trees at night is serious
business. They make sure that one hand is well anchored
before moving the next one. They also make the move-
ments with incredible smoothness, disturbing nothing
around them. This keeps them from being seen by preda-
tors as they move through the dense tree tops. They can
remain absolutely motionless for many hours at a time, a
technique that is very effective in staying alive. They
also have to remain silent, otherwise their high-pitched
twitter can reveal their presence.

A loris’s opposable thumb is even more specialized
than the thumbs of most primates. It has moved almost
exactly opposite the last three fingers, and the first finger
has almost disappeared. This arrangement is handy for a
tight grip on the high branches in the forest canopies in
which they live. Lorises are generally solitary creatures,
though they may hunt in pairs or family groups.

The slender loris (Loris tardigradus) of southern
India and Sri Lanka has round eyes that look larger than
they are because they are set in pear-shaped patches of
dark fur on their lighter-colored triangular faces. This
primate is called the slender loris because its body is
much thinner than the well-rounded slow loris. It has
comparatively long arms and legs.
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A slender loris (Loris tardigradus) in Asia. Photograph by
Ron Austing. The National Audubon Society Collection/Photo
Researchers, Inc. Reproduced by permission.

The two species called slow lorises are indeed slow,
moving very carefully and deliberately among the trees.
They are plumper than the slender loris. The somewhat
larger slow loris (Nycticebus coucang) of Southeast
Asian islands Java and Borneo has a dark strip up its
back and a white patch on its head and upper back. The
slow loris is rapidly disappearing wherever its forest
habitat is being disturbed, although it is legally protected
throughout most of the countries where it lives. The
pygmy slow loris (Nycticebus pygmaeus) of Vietnam and
Laos is only about 7.5 in (19 cm) long. It is round and
woolly with large, close-set eyes. It is sometimes regard-
ed as a subspecies of slow loris.

The larger potto (Perodicticus potto) lives in
Guinea, Zaire, and Kenya. It may weigh more than 2 Ib
(1 kg). Its tail is visible beyond its silky fur, unlike the
slow loris’s, which is not long enough to show. Also,
the potto has three or four unusual skin-covered bony
spines behind its neck. When threatened, the potto
clings tightly to its branch, tucks in its head, and turns
these spines to the attacker, which can be taken by sur-
prise because the spines are hidden in the pott’s dense
fur. If not left alone because of its spines, a potto can
curl its head under its body and give a ferocious bite. In
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Lorises

their homelands, pottos are famed for the strength of
their grip.

Pottos generally live solitary lives, but the male in
an area inhabited by several females keeps track of their
readiness to mate by following their urine trails. After a
period of getting acquainted, they may mate while hang-
ing upside down from a branch. They have a longer ges-
tation period than most prosimians, 193 days. This pro-
duces a baby mature enough to cling to the moving
mother almost immediately after birth.

Closely related to the potto, but inhabiting the
shrubs of the forests of Gabon, Congo, and Zaire instead
of the high canopy, is the angwantibo, also called the
golden potto (Arctocebus calabarensis). The angwantibo
is much smaller than the potto, about 10 in (25 cm), as
opposed to about 14 in (36 cm), and it lacks the tail and
the neck spines. Even from birth the golden potto ex-
hibits its skill in clinging upside down. The mother
“parks” her infant upside down on a branch while she
goes about her nocturnal eating. When she returns, she
anchors herself around the baby, also upside down. The
baby releases itself from the branch and clings right side
up to her stomach. A mother angwantibo continues to
nurse one infant until just before the next one is born.

Galagos or bushbabies

Unlike the other lorisids, galagos, or bushbabies as
they are called because of their infant-like mewing sound
and sheer cuteness, reside in the lower levels of the for-
est. The Galaginae are known for the swiftness of their
movements, which lets them capture flying insects as
they zip past in midair. The commotion they make while
leaping may be deliberate in that it sends disturbed in-
sects into flight. Many jumps have been spotted as long
as 15 ft (4.6 m).

Unlike most bushbabies, Allen’s bushbaby, Galago
alleni, eats on the ground, where it listens for rustling in-
sects with large, mobile ears. The ears of a galago are so
important that they can fold, like an accordion, when the
little animal is moving through prickly or otherwise
dangerous leaves.

Galagos have longer legs compared to arms than any
other primate. This allows them to make vertical leaps,
from tree to tree, farther than most other primates. The
tips of the fingers are broadened into soft pads that help
them cling to branches. Their bushy tails are used to bal-
ance them during leaping. Galagos, like the other
lorisids, mark their trails through the forest with urine,
which they deposit directly into the bottom of one foot
while standing on the other. When they hunt at night,
they communicate with a variety of sounds. Then, at
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dawn, they gather and locate a communal sleeping hole,
where they spend the daytime hours.

Mother bushbabies usually give birth to twins,
which she carries in her mouth for the first two weeks.
When she leaves to eat, she parks them securely on a
wide branch. A female galago, her infants, and older fe-
male offspring occupy a specific territory which they
protect from outsider females. Several of these female
enclaves may be located within the much larger territory
of one dominant male. However, that male may lose his
harem to another male the following year if he cannot
put up a fierce enough fight.

Some authorities place all galagos in one genus,
Galago. Others give most of them separate genera, as
shown here. The smallest galago, called the dwarf or
Demidoff’s galago (Galagoides demidovii), of East and
West Africa is very much like the mouse lemur. It weighs
only 2 oz (57 g). The largest is the fat-tailed galago
(Galago crassicaudatus), which is about the size of a
small cat with a very bushy tail. This species is found
mostly in Africa south of the Sahara.

The lesser bushbaby (Galago senegalensis) of the
African rainforests is about 15 in (38 cm) long, including
a 9 in (23-cm) tail, and weighs about 8.8 oz (250 g). It
has the amazing ability to leap straight up to a height of
almost 7 ft (2.13 m). On the ground, they leap like kan-
garoos, using both hind legs in one movement. The
greater bushbaby, Otolemur crassicaudatus, lives in
equatorial Africa in more open land than the other bush-
babies. At almost 30 in (76 cm) and weighing almost 4
Ib (1.8 kg), it is much larger.

The forest canopy of the rain forest of Gabon and
Cameroon between the Niger and Zaire Rivers is the habi-
tat of the two species of strange little needle-nailed galagos
(Euoticus elegantulus). Their nails are modified into sharp
points for use in climbing tall tree trunks to reach gum-pro-
ducing parts of the trees. As is common in prosimians, only
the second toe still bears a toilet claw. These animals are
reddish in color, fading to a gray underneath. They do not
curl up in holes in trees or build nests.

The main protection that lorisids have from direct
harm by humans is that they are so difficult to see. Thus
they are not hunted as larger monkeys are. However,
their forest habitat is readily degraded.

Resources
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York: Facts on File, 1988.

Napier, J.R., and P.H. Napier. The Natural History of the Pri-
mates. Cambridge, MA: The MIT Press, 1985.
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KEY TERMS
Binocular—Using two eyes set so that their fields
of vision overlap, giving the ability to perceive

depth.

Dental comb—A group of lower incisor teeth on
most prosimians that have moved together into a
horizontal position to form a grooming tool.

Diurnal—Refers to animals that are mainly active
in the daylight hours.

Opposable—If a thumb or big toe, positioned op-
posite the other digits, thus providing a good grip
on a branch.

Rhinarium—The rough-skinned end of the snout,
usually wet in prosimians, indicating that smell is
important to them.

Tapetum lucidum—The special layer behind the
retina of the eye of most nocturnal animals that re-
flects light in such a way as to amplify available
light.

Peterson, Dale. The Deluge and the Ark: A Journey into Pri-
mate Worlds. Boston: Houghton Mifflin, 1989.

Preston-Maftham, Rod, and Ken Preston-Matham. Primates of
the World. New York: Facts on File, 1992.

Jean F. Blashfield

Luffa see Gourd family (Cucurbitaceae)

Lumber see Forestry

Luminescence

Light generation by a process other than by heating
is luminescence. For example, an incandescent light
bulb, in which the filament is heated until it is literally
white-hot, is not luminescent; a fluorescent light tube
(which is cool to the touch) is luminescent. Lumines-
cence is generated as part of a process in which atoms or
molecules with electrons excited into higher energy
states shed energy by emitting visible light.

People have observed luminescence in nature for
centuries. In the early twentieth century, Marie Curie, in
her doctoral thesis, mentioned that calcium fluoride
glows when exposed to the radioactive material, radium.
In the past 50 years, the use of luminescent devices, such
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as fluorescent lights and television screens, has become
widespread.

Fluorescence and phosphorescence

Luminescence can be divided into categories by du-
ration (fluorescence or phosphorescence) or by the
mechanism that creates the light. By definition, fluores-
cent things stop emitting light very soon (about 10 ns)
after the exciting energy is cut off. Phosphorescence
continues for longer than fluorescence. Glow-in-the-dark
stickers and watch hands that glow are examples of
phosphorescence. A less obvious but more exact defini-
tion of the difference is that the amount of time phos-
phorescence continues after the material has been excit-
ed may change with temperature, but in fluorescence,
this decay time does not change. Also, phosphorescence
tends to occur at longer wavelengths than fluorescence.

Fluorescent dyes are included in many clothing de-
tergents to make the clothes appear brighter. Because
most organic materials fluoresce when excited by ultra-
violet light, fluorescent spectroscopy is used to study or-
ganic molecules and atoms by the “fingerprint” of their
light emissions: the wavelengths, lifetime, polarization,
and brightness of their fluorescence.

A common uses of phosphors (phosphorescent ma-
terials) is in televisions and computer monitors: small
dots of red, green, and blue phosphors are grouped to-
gether on the inner surface of a cathode-ray tube. When
electrons generated in the back of the tube hit the phos-
phors, they absorb the energy and then emit light.

Processes that create luminescence

Other types of luminescence are defined by the
source of the energy that causes the light emission.
These include chemiluminescence, bioluminescence,
electroluminescence, sonoluminescence, tribolumines-
cence, and thermoluminescence.

Chemical reactions provide the energy to generate
photons in chemiluminescence. These chemical reac-
tions often involve oxygen.

Cyalume sticks are chemiluminescent: when you
bend the flexible tube enough to break the barrier that
separates two substances, the tube glows for several
hours until the chemical reactions are completed. A
method called enhanced chemiluminescent detection,
developed by researchers in Paris, offers a non-radioac-
tive way of keeping track of genes and is being used in
the international Human Genome Project.

Bioluminescence is a subset of chemiluminescence
in which the chemical change occurs in living things,

2377

9JUldsaulwn



Luminescence

such as fireflies. Such reactions are very efficient. They
occur when a substance called a luciferin is oxidized
with the aid of a catalyst called a luciferase.

Electroluminescent devices glow when a current is
applied, although not because of chemical changes. In
neon lamps, current causes electroluminescence of the
gas in the tube. Another fun example of this is the pickle
trick: if electrical contacts are connected to either end of
a cucumber pickled in brine, then current passing
through the ionized pickling salts glows. (It also smells
very bad.) Many flat-panel displays, such as in laptop
computers, are made of electroluminescent materials.
(Although the most common type uses a fluorescent
light to backlight a liquid-crystal mask.) Luminescence
because of electron bombardment or an electrical field is
related to electroluminescence. In fluorescent lamps,
current ionizes the gas in the tube, and the ions activate a
fluorescent coating on the inside of the lamps. The tele-
vision example mentioned above is a case of cathodolu-
minescence, in which the phosphor is activated by a
stream of electrons.

In sonoluminescence, the light is produced from en-
ergy provided by sound waves. This mechanism is fairly
unusual. Recent research into sonoluminescence sug-
gests that in some situations, sound may be concentrated
to produce extremely high energies in small areas. This
energy is dispelled as light, but it may be possible to har-
ness that energy for other uses.

In triboluminescence, friction is responsible for the
light. A famous example of this is the flash of light
sometimes produced by crunching wintergreen flavor
Life-Savers. (Do not confuse this with sparks given off
by hitting flint and steel together. Those sparks, which
can ignite a fire, are incandescent bits of metal.)

Thermoluminescence

Thermoluminescence uses heat to release already-
excited ions in a solid. When subjected to ultraviolet
light, x rays, or gamma rays (all of which are energetic
enough to separate electrons from atoms, thus forming
ions), some electrons or ions become trapped in excited
states. They are prevented from decaying back to a
ground state because quantum mechanics forbids the
transition. Heating allows the ion to rise to a higher state
that can drop back to ground state by emitting light.

Thermoluminescence can be used to measure how
much radiation a material has been subjected to. It is
used for dosimeters by people working around x rays or
radioactivity who need to know how much ionizing ra-
diation they have been exposed to. Thermoluminescence
is also used for radioactive dating of pottery shards and
for finding radioactive minerals.
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KEY TERMS
Cathode ray tube or CRT—A display device that
includes an electron gun to produce a stream of
electrons, magnets to direct the electrons to spe-
cific spots on the opposite end of the tube, and
phosphors on the receiving end that absorb the
electrons and glow briefly.

Decay time—The length of time between when
energy is introduced into a molecular system and
when the system returns to equilibrium.

Fluorescence—Luminescence that stops within
107° seconds after the energy source is removed.

Incandescence—Light created by heating. Incan-
descence is not a luminescent process.

Phosphor—A material that absorbs energy over
some period of time, then gives off light for a
longer period. Commonly used in CRTs.

Wavelength—The distance between two consecu-
tive crests or troughs in a wave.

Porous silicon

In the early 1990s, L. T. Canham at the Royal Signal
and Radar Establishment in England reported lumines-
cence from porous silicon. This generated great interest,
because if the luminescence could be controlled, then
light-emitting devices could be integrated with silicon
microelectronics. Although silicon photodetectors had
been made, the material had not been known to emit
light before. This could lead the way to relatively inex-
pensive optical computers, signal-processing devices,
and optical communications devices.

Debate about what process creates the light is divid-
ed: those who believe the light is emitted as part of a
quantum confinement effect and those who believe that
the light is the product of a chemical reaction between the
silicon and oxygen. If the quantum confinement theory
proves correct and the effect can be prolonged, then use-
ful light-emitting devices could be made from porous sili-
con. If the chemical theory is correct, then the lumines-
cent period is probably inherently short-lived and the ma-
terial would not make good reusable devices. Although
no one has published reports that definitely debunk one
theory, the chemical theory is most popular at the mo-
ment because of the instability of porous silicon devices.

Resources
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Lungfish

Bony fish are divided into two major groups: ray-
finned and fleshy-finned fish. The fleshy-finned fish are
further subdivided into two orders: the lungfish, or Dip-
noi, and the lobe-finned fish, or Crossopterygii. Al-
though crossopterygian fish are the group that is thought
to be close to the ancestors of the land vertebrates,
lungfish also display many of these characteristics. In the
early stages of development, lungfish resemble a frog-
like amphibian, providing evidence of close association
with land forms. However, despite the critical presence
of lungs, other features, such as the fusion of the teeth
into bony plates, and the solid union of the jaw with the
skull (which does not occur in early amphibians) make
such a direct link with amphibians unlikely.

Lungfish have changed little over the past 400 mil-
lion years, and so might be regarded as living fossils.
Three living genera of lungfish are recognized today:
Neoceratodus in the Mary and Burnett Rivers of south-
east Queensland, Australia; Lepidosiren in the
ParanNBSP and Amazon River systems of South Amer-
ica; and Protopterus in sub-Saharan Africa ranging from
the Nile in Sudan southward to Senegal in West Africa to
the Zambezi River system in southern Africa.

African and South American lungfish

African and South American lungfish can easily be
distinguished by their appearance, but they also share
many similar characters. In fact, some zoogeographers
have used the close link between these two lungfishes to
provide supporting evidence of an early land connection
between South America and Africa. Lungfish are eel-
like, with a long, narrow, tubular body and small scales
well embedded in the body of the fish. Both the pectoral
and pelvic fins of lungfish are elongated and somewhat
threadlike. In Lepidosiren the pelvic fins are modified to
function as accessory respiratory organs, with feathery
margins receiving an increased blood supply—they
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function like a pair of gills. The primary respiratory or-
gans of Lepidosiren are a pair of lungs with a single
opening on the floor of the mouth. These lungs have fur-
rowed walls and receive a full supply of blood. The
young of both species have long, feathery, external gills
located behind the head which are lost in the South
American lungfish at 1.6 in (4 cm) in length, and at 5.9
in (15 cm) in the African lungfish. Both South American
and African species reach a length of 3.3-6.6 ft (1-2 m).

When lungfish are in water, they breathe air by rising
to the surface and sticking the tips of their nasal opening
and mouth out of the water, so as to empty their lungs and
take in fresh air. In most fish, the nostrils are pouchlike.
However, the jaw construction of the lungfish is modified
so that there is an opening from the nasal sac to the inside
of the mouth. This internal nostril allows the fish to
breathe air at the surface without opening its mouth and
swallowing water. Because lungfish breathe by lungs in-
stead of gills, air is essential for their survival; if lungfish
are forced to remain underwater, they will drown.

Lungfish live in areas with temporary water bodies,
such as shallow swamps, the stagnant backwaters of river
courses, and small creeks. These areas are prone to dry out
during the dry season. As the water recedes, lungfish bur-
row into the mud, forming a hollow at the end of the tun-
nel. The lungfish curl up, tail over head, keeping the nos-
trils clear of dust and dirt, and secrete a mucous cocoon.
Air enters the burrow through a small hole at the top of the
dried mud. Lungfish are able to remain in a period of aes-
tivation (dormancy) for the duration of the dry season and
have been known to survive as long as four years, al-
though usually a year is all that is necessary. During the
aestivation period, lungfish experience a drop in their me-
tabolism and obtain adequate nutrition from the stored
fat in their tail. Breeding takes place in the wet season fol-
lowing the reestablishment of the water bodies they inhab-
it. The male of the South American lungfish guards the
eggs during the period of incubation and hatching.

Australian lungfish

The Australian lungfish is the most primitive of the
modern lungfish and has changed little over the past sev-
eral million years. The body is long, slim, and has very
large scales, and broad, flipper-like pectoral and pelvic
fins. A dorsal fin is lacking. The tail of the Australian
lungfish is most unusual, and consists of a rim of fin ma-
terial around the rear end of the body.

The Australian lungfish has four big teeth which
look as though they have grown together into fan-shaped
crushing plates somewhat resembling a rooster’s comb.
Prior to the discovery of the first Australian lungfish
around 1869, large teeth of this type had only been found
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The evolution of lungfish. lllustration by Hans & Cassidy. Courtesy of Gale Group.
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KEY TERMS
Aestivation—A state of dormancy or torpor during
the dry season, a period of drought.

Dorsal—Of, toward, on, in, or near the back.
Pectoral—Pertaining to the breast or chest.
Pelvic—Of, in, near, or pertaining to the pelvis; in
fish, either of a pair of lateral hind fins; also called
the ventral fin.

Zoogeographer—A person making the biological
study of the geographical distribution of animals.

in the fossil record. These teeth are an efficient adapta-
tion for shearing and crushing. Neoceratodus is a carniv-
orous fish, feeding on small mollusks, crustaceans, and
other aquatic invertebrates. Its paddle-like fins are un-
suitable for crawling; however, the lungfish can stand on
these appendages, using them like legs underwater. The
Australian lungfish has a single lung located above the
gut which is slightly less developed than the lungs of the
African and South American species.

Also known as the Burnett salmon, the Australian
lungfish inhabits rivers that generally remain as perma-
nent watercourses and do not dry out periodically, al-
though the dissolved oxygen content does vary consider-
ably. This lungfish uses its gills more than the other two
types of lungfishes and, in well-oxygenated water, does
not need to return to the surface for air. However, this
species is less tolerant of poor water quality and can effi-
ciently use its lung to breathe fresh air from the atmos-
phere when necessary. The Australian lungfish does not
aestivate in a cocoon of mud like the African lungfish.
Instead the Australian lungfish spawns in shallow water
in the fall, laying its eggs on water plants. The native
Australians call this lungfish dyelleh.

Resources

Books

Whiteman, Kate. World Encyclopedia of Fish & Shellfish. New
York: Lorenz Books, 2000.

Betsy A. Leonard

Lutetium see Lanthanides

Lycophytes

Lycophytes are vascular plants in the class Lycopo-
diopsida, a division of vascular plants known as Pterido-
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phytes (the ferns and their allies). The class Lycopodiop-
sida is divided into three subclasses: the Lycopodiidae,
Selaginellidae, and Isoetidae.

Like other pteridophytes, the lycophytes have an al-
ternation of generations, consisting of two generations of
morphologically different plants. The larger, longer-lived
generation is diploid (having both sets of chromosomes)
and known as the sporophyte stage. This stage produces
structures known as sporangia. The sporangia produce
haploid spores (having one set of chromosomes) that can
be aerially disseminated into the environment. If a spore
lands on a suitable, moist substrate, it will germinate and
grow into an independent, haploid structure known as a
prothallus (or gametophyte). The prothallus is typically
about 0.08-0.12 in (2-3 mm), long and contains both
male (antheridia) and female (archegonia) sex organs.
Mobile, haploid, flagellated sperm are produced in the
antheridium, and these swim to an archegonium to pro-
duce a fertilized zygote. The zygote can develop into a
new, diploid sporophyte, thus completing the life cycle
of the pteridophyte.

Lycopodiidae

The subclass Lycopodiidae consists of one family,
the Lycopodiaceae, containing 2-5 genera and 450
species. The most familiar genus is Lycopodium, also
known as clubmoss or ground pine. These are terrestrial,
perennial, evergreen plants, which grow rooted in the soil
or forest floor, and have creeping or erect stems and nu-
merous small, scale-like leaves. Their haploid spores are
produced in a club-like structure known as a strobilus.
Species of Lycopodium are found on all continents (ex-
cept Antarctica) and many oceanic islands. Some
species familiar to North America are the ground pine
(Lycopodium obscurum), ground cedar (L. complana-
tum), and running clubmoss (L. clavatum). No substantial
economic products are obtained from species of Ly-
copodium. The spores are rich in a volatile oil, and have
been used to make explosive powders. Rhizomatous
strings of some species are sometimes collected and used
to make evergreen Christmas wreaths.

Selaginelidae

The subclass Selaginellidae consists of one family,
the Selaginellaceae, containing one genus and 700
species. The single genus is Selaginella, or the spike-
moss. The spike-mosses are small, evergreen plants of
moist terrestrial habitats, although a few species occur in
drier places, and others are epiphytes (they live attached
to tree limbs, but do not obtain any nourishment from
their host). Spike-mosses grow erect or creeping, and
they have numerous tiny, scale-like leaves arranged in a
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spiral on their stem. Unlike species in the Lycopodi-
aceae, spike-mosses have two kinds of spores, larger
megaspores and smaller microspores. Species of Se-
laginella occur almost world-wide, but are most diverse
and abundant in the humid tropics. A widespread species
is Selaginella selaginoides, which occurs in boreal and
temperate regions of both North America and Eurasia.

Isoetidae

The subclass Isoetidae consists of one family, the
Isoetacae, containing two genera and 77 species. The
most widely distributed genus is Isoetes, or the quill-
worts. These are aquatic or moist-terrestrial plants, usu-
ally growing as a rosette of leaves emerging from a cen-
tral, corn-like rhizome, from which numerous wiry roots
emerge. The leaves are long and grass-like (or quill-like).
The sporangia occur on the inside of the inflated leaf-
bases, and the plants are heterosporous (having megas-
pores and microspores). Species of quillworts are widely
distributed on all continents, most commonly growing
on the bottom of freshwater lakes and other surface wa-
ters. A representative species is Braun’s quillwort
(Isoetes braunii) of boreal North America and Eurasia.

Bill Freedman
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Lyme disease

Lyme disease is an infection transmitted by the bite
of ticks carrying the spiral-shaped bacterium Borrelia
burgdorferi (Bb). The disease was named for Lyme, Con-
necticut, the town where it was first diagnosed in 1975,
after a puzzling outbreak of arthritis. The organism was
named for its discoverer, Willy Burgdorfer. The effects of
this disease can be long-term and disabling unless it is
recognized and treated properly with antibiotics.

Lyme disease is a vector-borne disease, which means
it is delivered from one host to another. In this case, a tick
bearing the Bb organism literally inserts it into a host’s
bloodstream when it bites the host to feed on its blood. It
is important to note that neither Bb nor Lyme disease can
be transmitted from one person to another.

In the United States, Lyme disease accounts for
more than 90% of all reported vector-borne illnesses. It
is a significant public health problem and continues to be

2382

diagnosed in increasing numbers. More than 99,000
cases were reported between 1982 and 1996. When the
numbers for 1996 Lyme disease cases reported were tal-
lied, there were 16,455 new cases, a record high follow-
ing a drop in reported cases from 1994 (13,043 cases) to
1995 (11,700 cases). Controversy clouds the true inci-
dence of Lyme disease because no test is definitively di-
agnostic for the disease, and the broad spectrum of
Lyme disease’s symptoms mimic those of so many other
diseases. Originally, public health specialists thought
Lyme disease was limited geographically in the United
States to the East Coast. We now know it occurs in most
states, with the highest number of cases in the eastern
third of the country.

The risk for acquiring Lyme disease varies, depend-
ing on what stage in its life cycle a tick has reached. A
tick passes through three stages of development—Iarva,
nymph, and adult—each of which is dependent on a live
host for food. In the United States, Bb is borne by ticks
of several species in the genus Ixodes, which usually
feed on the white-footed mouse and deer (and are often
called deer ticks). In the summer, the larval ticks hatch
from eggs laid in the ground and feed by attaching them-
selves to small animals and birds. At this stage they are
not a problem for humans. It is the next stage—the
nymph—that causes most cases of Lyme disease.
Nymphs are very active from spring through early sum-
mer, at the height of outdoor activity for most people.
Because they are still quite small (less than 2 mm), they
are difficult to spot, giving them ample opportunity to
transmit Bb while feeding. Although far more adult ticks
than nymphs carry Bb, the adult ticks are much larger,
more easily noticed, and more likely to be removed be-
fore the 24 hours or more of continuous feeding needed
to transmit Bb.

Causes and symptoms

Lyme disease is a collection of effects caused by Bb.
Once Bb gains entry to the body through a tick bite, it
can move through the bloodstream quickly. Only 12
hours after entering the bloodstream, Bb can be found in
cerebrospinal fluid (which means it can affect the ner-
vous system). Treating Lyme disease early and thor-
oughly is important because Bb can hide for long periods
within the body in a clinically latent state. That ability
explains why symptoms can recur in cycles and can flare
up after months or years, even over decades. It is impor-
tant to note, however, that not everyone exposed to Bb
develops the disease.

Lyme disease is usually described in terms of
length of infection (time since the person was bitten by
a tick infected with Bb) and whether Bb is localized or
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disseminated (spread through the body by fluids and
cells carrying Bb). Furthermore, when and how symp-
toms of Lyme disease appear can vary widely from pa-
tient to patient. People who experience recurrent bouts
of symptoms over time are said to have chronic Lyme
disease.

Early, localized Lyme disease

The most recognizable indicator of Lyme disease is
a rash around the site of the tick bite. Often, the tick ex-
posure has not been recognized. The eruption might be
warm or itch. The rash—erythema migrans (EM)—
generally develops within 3-30 days and usually begins
as a round, red patch that expands. Clearing may take
place from the center out, leaving a bull’s-eye effect; in
some cases, the center gets redder instead of clearing.
The rash may look like a bruise on people with dark
skin. Of those who develop Lyme disease, about 50%
notice the rash; about 50% notice flu-like symptoms,
including fatigue, headache, chills and fever, muscle
and joint pain, and lymph node swelling. However, a
rash at the site can also be an allergic reaction to the
tick saliva rather than an indicator of Lyme disease,
particularly if the rash appears in /ess than three days
and disappears only days later.

Late, disseminated disease and chronic
Lyme disease

Weeks, months, or even years after an untreated tick
bite, symptoms can appear in several forms, including:

« fatigue, forgetfulness, confusion, mood swings, irri-
tability, numbness

* neurologic problems, such as pain (unexplained and
not triggered by an injury), Bell’s palsy (facial paralysis,
usually one-sided but may be on both sides), and a mim-
icking of the inflammation of brain membranes known
as meningitis (fever, severe headache, stiff neck)

« arthritis (short episodes of pain and swelling in joints)
and other musculoskeletal complaints

Less common effects of Lyme disease are heart ab-
normalities (such as irregular rhythm or cardiac block)
and eye abnormalities (such as swelling of the cornea,
tissue, or eye muscles and nerves).

Diagnosis

A clear diagnosis of Lyme disease can be diffi-
cult, and relies on information the patient provides and
the doctor’s clinical judgment, particularly through
elimination of other possible causes of the symptoms.
Lyme disease may mimic other conditions, including
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chronic fatigue syndrome (CFS), multiple sclerosis
(MS), and other diseases with many symptoms involv-
ing multiple body systems. Differential diagnosis (dis-
tinguishing Lyme disease from other diseases) is based
on clinical evaluation with laboratory tests used for
clarification, when necessary. A two-test approach is
common to confirm the results. Because of the poten-
tial for misleading results (false-positive and false-
negative), laboratory tests alone cannot establish the
diagnosis.

Doctors generally know which disease-causing or-
ganisms are common in their geographic area. The most
helpful piece of information is whether a tick bite or rash
was noticed and whether it happened locally or while
traveling. Doctors may not consider Lyme disease if it is
rare locally, but will take it into account if a patient men-
tions vacationing in an area where the disease is com-
monly found.

Treatment

The treatment for Lyme disease is antibiotic thera-
py; however, overprescribing of antibiotics can lead to
serious problems, so the decision to treat must be made
with care. Disease organisms can develop resistance to
families of medications over time, rendering the drugs
useless. Furthermore, testing and treatments can be ex-
pensive. If a patient has strong indications of Lyme dis-
ease (symptoms and medical history), the doctor will
probably begin treatment on the presumption of this dis-
ease. The American College of Physicians recommends
treatment for a patient with a rash resembling EM or
who has arthritis, a history of an EM-type rash, and a
previous tick bite.

The benefits of treating early must be weighed
against the risks of overtreatment. The longer a patient
is ill with Lyme disease before treatment, the longer
the course of therapy must be, and the more aggressive
the treatment. The development of opportunistic or-
ganisms may produce other symptoms. For example,
after long-term antibiotic therapy, patients can become
more susceptible to yeast infections. Treatment may
also be associated with adverse drug reactions. Anoth-
er concern is that insurance coverage for long-term an-
tibiotic therapy may be limited by the insurer or by law
in some states.

For most patients, oral antibiotics (doxycycline or
amoxicillin) are prescribed for 21 days. When symptoms
indicate nervous system involvement or a severe episode
of Lyme disease, intravenous antibiotic (ceftriaxone)
may be given for 14-30 days. Some physicians consider
intravenous ceftriaxone the best therapy for any late
manifestation of disease, but this is controversial. Corti-
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Lyme disease

costeroids (oral) may be prescribed if eye abnormalities
occur, but they should not be used without first consult-
ing an eye doctor.

The doctor may have to adjust the treatment regi-
men or change medications based on the patient’s re-
sponse. Treatment can be difficult because Bb comes in
several strains (some may react to different antibiotics
than others) and may even have the ability to switch
forms during the course of infection. Also, Bb can shut
itself up in cell niches, allowing it to hide from antibi-
otics. Finally, antibiotics can kill Bb only while it is ac-
tive rather than dormant.

Therapy will not be effective, no matter which drugs
are chosen, unless the doctor’s instructions are followed.
Medication must be taken in the correct amounts at the
times indicated, alcohol consumption should be avoided
during treatment, and the patient should rest regularly,
preferably before the onset of fatigue.

Alternative treatment

Supportive therapies may minimize symptoms of
LD or improve the immune response. These include
vitamin and nutritional supplements, mostly for
chronic fatigue and increased susceptibility to infec-
tion. For example, yogurt and Lactobacillus aci-
dophilus preparations help fight yeast infections,
which are common in people on long-term antibiotic
therapy. In addition, botanical medicine and homeopa-
thy can be considered to help bring the body’s systems
back to a state of health and well being. A western
herb, spilanthes (Spilanthes spp.), may be effective in
treating diseases like LD that are caused by spiro-
chetes (spiral-shaped bacteria).

Prognosis

If aggressive antibiotic therapy is given early, and
the patient cooperates fully and sticks to the medication
schedule, recovery should be complete. Only a small
percentage of Lyme disease patients fail to respond or re-
lapse (have recurring episodes). Most long-term effects
of the disease result when diagnosis and treatment is de-
layed or missed. Co-infection with other infectious or-
ganisms spread by ticks in the same areas as Bb
(babesiosis and ehrlichiosis, for instance) may be re-
sponsible for treatment failures or more severe symp-
toms. Lyme disease has been responsible for deaths, but
that is rare.

Prevention

The best prevention strategy is through minimizing
risk of exposure to ticks and using personal protection
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precautions. There is also research into vaccination
against the tick vector to prevent the tick from feeding
long enough to transmit the infection.

Minimize risk of exposure

Precautions to avoid contact with ticks include mov-
ing leaves and brush away from living quarters. Most im-
portant are personal protection techniques when out-
doors, such as:

» using repellents containing DEET

« wearing light-colored clothing to maximize ability to
see ticks

* tucking pant legs into socks or boot top
» checking children frequently for ticks

In highly tick-populated areas, each individual
should be inspected at the end of the day to look for
ticks.

Minimize risk of disease

The two most important factors are removing the
tick quickly and carefully, and seeking a doctor’s evalua-
tion at the first sign of symptoms of Lyme disease. When
in an area that may be tick-populated:

* Check for ticks, particularly in the area of the groin,
underarm, behind ears, and on the scalp.

» Stay calm and grasp the tick as near to the skin as pos-
sible, using a tweezer.

 To minimize the risk of squeezing more bacteria into
the bite, pull straight back steadily and slowly.

* Do not try to make the tick back out by using vaseline,
alcohol, or a lit match.

* Place the tick in a closed container (for species identifi-
cation later, should symptoms develop) or dispose of it
by flushing.

* See a physician for any sort of rash or patchy discol-
oration that appears 3-30 days after a tick bite.

Medical studies to date do not support the preventa-
tive use of antibiotics after a tick bite, even if the tick has
been identified as a deer tick.
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KEY TERMS
Blood-brain barrier—A blockade of cells separat-
ing the circulating blood from elements of the
central nervous system (CNS); it acts as a filter,
preventing many substances from entering the
central nervous system.

Cerebrospinal fluid—Fluid made in chambers with-
in the brain; this fluid then flows over the surface of
the brain and spinal cord, providing nutrition to
cells of the nervous system, as well as cushioning.

Vector-borne—Delivered from one host to anoth-
er, as in an insect or tick bearing an organism
causing an infectious disease.
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Lymphatic system

The lymphatic system is the body’s network of or-
gans, ducts, and tissues that filter harmful substances out
of the fluid that surrounds body tissues. Lymphatic or-
gans include the bone marrow, thymus, spleen, appendix,
tonsils, adenoids, lymph nodes, and Peyer’s patches (in
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the small intestine). The thymus and bone marrow are
called primary lymphatic organs, because lymphocytes
are produced in them. The other lymphatic organs are
called secondary lymphatic organs.

Lymphocytes are a type of white blood cell (wbc),
which is highly concentrated in lymphatic fluid. This
clear fluid, also called lymph, travels through the lym-
phatic vessels, which connect the lymphatic organs. The
terminal lymphatic vessels feed into the thoracic duct
that returns body fluids to the heart prior to blood re-
oxygenation. The reincorporated fluid originates in the
bloodstream, bathes organs and tissues, and is returned
to the bloodstream after passing through lymphatic fil-
ters that function as part of the body’s defense system
against infection and cancer.

Lymph nodes, primarily clustered in the neck, armpits,
and pelvic area, are the system’s battle stations against in-
fection. Lymph nodes are connected to one another by lym-
phatic vessels. It is in the nodes and other secondary organs
where wbcs engulf and destroy debris to prevent them from
reentering the bloodstream. Of the other two major sec-
ondary lymphatic organs, the spleen removes dead red
blood cells (rbcs), and Peyer’s patches remove intestinal
antigens (foreign or harmful substances in the body).

Lymphocytes

Lymphocytes are the lymphatic system’s foot sol-
diers. These cells identify enemy particles and attempt to
destroy them. Lymphocytes fall into two general cate-
gories: T lymphocytes (T cells) and B lymphocytes (B
cells). T cells form in the thymus (in the chest), and B
cells form in the bone marrow of the long, thick bones of
the thigh, arm, spine, or pelvis. While T cells primarily
attack viral antigens, B cells attack bacterial antigens.
Both T and B cells travel in lymph, through lymphatic
vessels, and into lymph nodes.

T cells are further divided into three primary classes:
helper T cells (T-H cells), cytotoxic T cells (ctx T cells),
and T suppressor T cells. T-H cells augment B cell re-
sponses to bacterial antigens. Cytotoxic T cells attack viral
antigens and some early cancer cells. And suppressor T
cells halt immune cell functions, allowing the body to rest.

B cells produce antibodies. According to their basic
immunoglobulin type, antibodies are subdivided into five
classes (IgM, IgD, IgG, IgE, and IgA). B cell antibodies
recognize specific bacterial invaders and destroy them.
Certain antibodies are more concentrated in areas of the
body where they are most needed. For example, IgA-
producing B cells are most concentrated in the Peyer’s
patches where they sample intestinal contents for poten-
tial antigens that could signal an infectious invasion of
food-borne bacteria.
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Lymphatic system

Lymph nodes

Lymph nodes are pockets of lymph that orchestrate
the removal of foreign material (including bacteria,
viruses, and cancerous cells) from the lymph. They vary
in size from microscopic to about 0.16 in (0.394 cm) in
diameter. Some nodes cluster at key sites where the
limbs join the torso. Lymph nodes are named after their
locations in the body. The nodes at the arm are called
axial and brachial, those under the jaw are called subcla-
vian, and those in the groin are called inguinal. Fibrous
connective tissue covers the lymphatic tissue inside the
lymph node.

Each node, also called a lymph gland, has both arteri-
al blood supply and venous drainage. Lymphocytes drain
out of the arteries into the node interior, usually through a
high endothelial venule that facilitates their entry. This
venule (small vein) derives its name from the higher-than-
usual tightly joined endothelial cells that line it.

Before they can enter the lymph node, lymphocytes
are carefully selected from other blood cells. They are
recognized and distinguished by a lymphocyte-cell sur-
face protein called E-selectin. Receptors on the endothe-
lial cells bind the E-selectin positive lymphocytes and
slowly roll them toward a gap between adjacent cells.
Then the lymphocyte is fed through this area much the
way film is fed into a camera. The lymphocytes emerge
on the interior of the node.

The internal lymph node tissue is separated into
lobes. The lobe end at the center of the node is called the
medulla, whereas the wider lobe end toward the perime-
ter of the node is called the cortex. The lobe area just
next to the cortex is called the paracortex. Surrounding
the lobes is an area called the medullary sinus. T cells
are concentrated in the paracortex, whereas B cells pri-
marily are concentrated in the cortex in structures called
primary follicles. Lymphocytes first travel to the
medullary sinus before migrating to the cortical and
paracortical regions.

In addition to lymphocytes, several other kinds of
antigen-fighting wbcs are contained within the nodes.
Macrophages destroy and devour foreign antigens under
direction from lymphocytes. Within the cortex, a large
whbc called an interdigitating dendritic cell actually gath-
ers the foreign antigen and presents it to the T cells that,
in turn, trigger the antigen’s destruction. This system is
carefully controlled to avoid destroying host cells. With-
in the paracortex, follicular dendritic cells present anti-
gens to B cells in a region of the follicles called the ger-
minal centers. Within germinal centers, memory B cells
are formed that are specifically primed to launch an at-
tack against an antigen if it is encountered again. Like
seasoned soldiers who know how to fight a particular
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enemy, memory B cells are molecularly armed to combat
a known antigen.

Foreign antigens are constantly being destroyed;
however, when a particularly strong infection occurs, the
lymph nodes will sometimes swell with the influx of
backup troops (more wbcs) sent in to help fight a partic-
ular molecular attacker. Eventually, the lymphocytes
leave the node through the efferent lymphatic vessel.

Lymphatic vessels

Lymphatic vessels infiltrate tissues that are bathed in
fluid released from blood into those tissues. Pockets of
fluid collect in the tissues, and increased pressure allows
the fluid to seep into the lymphatic vessels. Whereas
blood vessels return deoxygenated blood to the heart to
be pumped to the lungs for oxygen, lymphatic vessels re-
turn fluid that has leaked out of the capillaries into vari-
ous tissues. However, before this lymphatic fluid is re-
joined with venous fluid at the thoracic duct, it is filtered
through the lymph nodes to remove infectious agents.

Lymphatic vessels are made up of single-cell epithe-
lial layers that drain fluid away from tissue. Smooth mus-
cles controlled by the autonomic nervous system direct
the fluid away from tissues toward the lymph nodes and,
eventually, the heart. The vessels contain one-way valves
that close behind fluid traveling back to the heart so that
lymphatic fluid cannot go backward. Lymphatic fluid is
usually returned to the circulation within 24 hours. When
the lymphatic vessels become clogged, stopped up, or
blocked, severe edema (bloating due to water retention)
can result in a condition known as lymphedema.

Other lymphatic organs

Of the remaining lymphatic system components, the
thymus, bone marrow, spleen, and Peyer’s patches have
fairly unique roles. Both the bone marrow and thymus in-
troduce “virgin” lymphocyte to the lymphatic system. The
spleen filters old rbes from the blood and fights infections
with lymphocytes and monocytes (cells that engulf and
devour antigens). And the Peyer’s patches are lymph tis-
sue pockets under raised intestinal projections that exam-
ine intestinal contents for foreign antigens. Although the
spleen’s role is important, the human body is capable of
functioning without it if it becomes injured or diseased.

Although the thymus is critical for T cell develop-
ment in children, it begins to shrink as they progress to-
ward adulthood and thereafter plays an increasingly re-
duced role. T cells are “educated” in the thymus to rec-
ognize “self” versus “nonself” (foreign) antigens. With-
out the ability to recognize self-antigens, T cells would
target a person’s own tissues in a very destructive man-
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Lymphatic system

KEY TERMS
Lymph—Lymphatic fluid, rich in white blood
cells, that runs through the lymphatic vessels,
lymph nodes, and other lymphatic organs.

Lymph node—Region of lymphoid tissue along
lymph vessels that filters harmful antigens from
the blood and some tissues.

Lymphocyte—A cell that functions as part of the
lymphatic and immune systems by attacking spe-
cific invading substances.

ner. The thymus is also responsible for fostering matura-
tion of T cells into their various subclasses. T cells func-
tion in a cell-mediated way such that they only recognize
antigens presented to them by other cells; hence, T cell
immunity is called cell-mediated immunity.

Both T cells (before branching off to develop in the
thymus) and B cells originate in the pluripotential stem
cells of the bone marrow or the fetal liver. Pluripotential
stem cells are the body’s cellular sculpting clay. They
can be shaped into any cell-including lymphocytes, rbcs,
macrophages, and numerous other blood constituents-
and become increasingly specialized as they reach matu-
rity. The B cells can generate an infinite number of anti-
bodies in response to a multitude of foreign antigens.
This amazing diversity arises from the many combina-
tions of antibody components that can be rearranged to
recognize individual antigens. Once a B cell identifies a
particular enemy, it undergoes a process called clonal ex-
pansion. During this process, it makes many clones
(copies) of itself in order to fight several invaders of a
single type. This highly sophisticated molecular process
destroys infections wherever they arise in the body.

One specialized form of antibody, IgA, detects anti-
gens in the gastrointestinal tract at Peyer’s patches. IgA
contained within small projections, called lamina propri-
ae, that extend into the small intestine test the intestinal
lining for pathogens. The IgA binds to the foreign anti-
gen, returns to exit the patch at its efferent lymphatic
vessel, and travels to a mesenteric lymph node that gears
up to fight the invader. IgA antibodies are also passed to
nursing babies in their mothers’ milk, because newborns
do not synthesize IgAs until later.

Lymphatic diseases

Although lymph nodes commonly enlarge to fight
infection, an overwhelming infection can leave a lymph
node and travel through the lymphatic system to other
nodes and even to other body tissues. Cancer can

2388

spread very easily through the lymph system, but dif-
ferent cancers vary in how soon they attack the nodes.
Lymphedema, fluid accumulation, can occur when the
movement of fluid in a lymphatic region is blocked. Al-
though lymphedema is rare, limbs are the most com-
monly affected areas.

The unregulated growth of cells and tissues of the
lymphatic system can lead to lymphoma, or lymph can-
cer. Lymphomas are classified into two types, Hodgkin’s
or non-Hodgkin’s, both of which can be malignant.
Hodgkin’s disease is marked by enlargement of lymph
nodes, usually those in the neck. Symptoms of
Hodgkin’s include chronic fatigue, depressed immune
function, weight loss, night sweats, and pain after drink-
ing alcohol. Hodgkin’s is diagnosed by lymph node
biopsy, with identification confirmed by the presence of
Reed-Sternberg cells, large multinucleated cells.
Hodgkin’s is further categorized as lymphocyte predomi-
nant, nodular sclerosis, mixed cellularity, or lymphocyte-
depleted on the basis of the cell populations present in
the biopsy sample. Hodgkin’s can be successfully treated
and cured with radiation or chemotherapy if it is caught
in its early stages. Although the cause of Hodgkin’s is
unknown, males, Caucasians, people of higher socioeco-
nomic status, the well-educated, and people with certain
blood types are more prone to develop it. Hodgkin’s
most often affects people in their 20s or 70s for unknown
reasons. People who work with certain chemicals, such
as benzene and rubber products, also seem to be more
prone to develop the disease.

Non-Hodgkin’s lymphoma is also diagnosed
through lymph tissue biopsy. Several lymphomas have
been identified, but have little in common. Burkitt’s lym-
phoma, prevalent among Central African children, is
characterized by enlargement of the lymph nodes under
the jaw. In contrast with most lymphomas whose causes
are unclear, Burkitt’s lymphoma has been linked to in-
fection with the Epstein-Barr virus. Mycosis fungoides
is arare T cell lymphoma that affects the skin.

Non-Hodgkin’s lymphomas are further classified as
lymphocytic or histiocytic. Lymphocytic lymphomas
may be poorly differentiated (according to the extent to
which they have evolved from the pluri potential stem
cell); they may also be nodular (concentrated) or diffuse.

Symptoms for most lymphomas are similar. Many
patients experience enlargement of the liver and spleen
as well as the lymph nodes. Some patients have bloody
stools or vomit blood. Tiredness, itching, weight loss,
fever, and general immunosuppression may also be pre-
sent. The symptoms may abate and intensify over several
months before a diagnosis is made. Sometimes, a bone
marrow biopsy is also performed. Treatment includes ra-
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diation or chemotherapy with effectiveness varying ac-
cording to severity of the lymphoma at the time of diag-
nosis. Bone marrow transplants have been effective
against some advanced-stage lymphomas. The “cure”
rate for non-Hodgkin’s lymphomas is generally poorer
than for Hodgkin’s lymphomas.

See also Antibody and antigen; Immune system.
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Lyrebirds

Lyrebirds are named for the male’s magnificent tail,
which spreads in a fan-like display, resembling a lyre,
an ancient Greek stringed instrument. The male’s body
is little longer than 12 in (30.5 cm), but the tail may be
longer than 16 in (40.5 cm). The only two species of
lyrebird in the world are indigenous to a strip of rugged,
hilly bushland along the east coast of the Australian
states of Victoria, New South Wales, and Queensland.
The superb lyrebird (Menura superba) and Prince Al-
bert lyrebird (M. alberti) belong to the genus Menura
(from the Greek meaning “mighty tail”) of the suborder
Oscines and the order Passeriformes (perching birds),
the largest and most diverse bird order in the world.
Lyrebirds have one of the most beautiful singing voices
in the bird kingdom. But apart from their songs and
unique calls, they are excellent mimics, copying not
only the songs of other birds, but all types of environ-
mental noises like chain saws, lawn mowers, tractors,
human voices, and whistles. Although both lyrebirds
have declined in abundance, they are not considered en-
dangered species.

Identification and behavior

Both species have a reddish brown back, pale grey
underbody, and a russet slash down the throat. Their huge
feet have four long, unwebbed, clawed toes—three point-
ing forward and one backward. The legs are designed so
that, as the bird squats, the tendons draw tight, curling the
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A male superb lyre bird (Menura superba) in Australia. Here
the bird is in the rainforest foliage though it is generally
seen on the floor of the rainforest where it finds its food.
Photograph by John R. Brownlie. National Audubon Society Col-
lection/Photo Researchers, Inc. Reproduced by permission.

toes around the branch, holding the bird secure even
while asleep. The superb lyrebird is the larger of the two
species, with a more elegant tail. Females are smaller
than males, their tails shorter, and they lack lyre feathers.

Normally, as with the peacock, the male’s tail trails
behind the body. However, when courting a mate he per-
forms an artistic dance, spreading his tail like a fan, rais-
ing it, then swooping it over his back until his entire body
and head disappear beneath a magnificent mass of silvery-
plumed feathers. As he dances, he may hop from foot to
foot or prance forward, sideways, and backward in a
repetitive pattern, all the time singing gloriously and slip-
ping in some mimicry. The superb male performs his
dances on mounds of soft earth about 3 ft (1 m) in diame-
ter and several inches high. Scratching, raking, and tramp-
ing with his clawed feet, he creates a clearing, forming the
mound in the middle. Up to a dozen mounds may be
found in one male’s territory, but each male seems to have
one or two favorites which he uses frequently. The Prince
Albert lyrebird does not build mounds, but displays from
the ground or sometimes from a log.

Often, the female does not even see the male’s fasci-
nating dance, although sometimes the superb female ven-
tures briefly onto the mound where the male approaches
her, covering her with his tail which he vibrates rapidly
while singing beautifully. Sometimes their beaks may
touch, but soon she leaves, scurrying off into the bush.
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Lyrebirds

Reproduction

An unusual phenomenon in the bird kingdom, lyre-
birds nest in winter, laying their solitary egg in June or
July. The female is the nest-builder, egg-incubator, and
care giver to the hatched chicks. She constructs a bulky
home from twigs, dried bracken fern, moss, leaves, and
bark over a framework of thin, flexible roots and pliable
bark, leaving a single side entrance, and lining the inside
with soft underfeathers she plucks from her own body.
She may snuggle her nest in a hollow on a rocky ledge, in
the cavity of a tall stump, or among tree roots. In locations
where humans and domestic animals pose a threat, nests
may be found high in a tree between forking branches.

The egg of the superb lyrebird may vary in color
from a light gray to a deep purplish brown with gray
streaks and spots. The Prince Albert lyrebird’s egg is
usually gray with darker gray spots. Chicks hatch naked
with their eyes closed, and stay in the nest until they are
well-feathered. Their mother continues to feed them for
some time after they leave the nest, which is about six
weeks after hatching. Chicks in high nests take up to two
weeks longer to leave the nest, allowing time for their
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wings to develop. Even as adults, lyrebirds are not strong
flyers, jumping and flapping from ground to branch and
gliding from their sleeping place high in a tree back to
the ground. They spend most of their time scratching in
underbrush and digging into decaying logs in search of
insects, worms, grubs, and snails. Except in protected
areas of natural habitat, these shy, wary little birds are
seldom seen, but their loud, clear voices can be heard at
a considerable distance. During the summer (December
through February), their singing and miming is mostly
confined to daybreak and dusk. As autumn approaches,
they can be heard throughout the day, particularly the
male, as he begins building new display mounds and re-
pairing old ones for his upcoming courting period.
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Macaques

Macaques are medium to large-sized monkeys na-
tive to Asia and Africa belonging to the genus Macaca,
family Cercopithecidae, order Primates. Macaques are
usually various shades of brown, gray, or black in fur
color, although golden and white color phases occur
rarely. Approximately 20 species are known. Locomotion
is mainly quadrupedal, and most species are terrestrial in
habit, although they take readily to trees, and a few
species are primarily arboreal. Body weights range from
8-40 Ib (3.5 kg-18 kg) for adult males, and from 5-36 Ib
(2.5-16.5 kg) for females; thus they vary from the size of
a small dog, such as a beagle, to a moderate-sized border
collie or dalmatian. Tails in different species vary from
small stub-like tails in the Barbary macaques, or Sulawesi
macaques, to long graceful tails 2 ft (70 cm) in length.

The most famous macaques are the rhesus monkey
of India, Nepal, and China; the Japanese monkey of
Japan; and the crab-eating or long-tailed macaques of
Thailand, Malaysia, the Philippines, and Indonesia. All
of these play an important part in the cultural history of
their countries, and all are well represented in folk-
tales, dance, drama, and religious beliefs. Also well-
known in popular literature is the “Barbary ape,” prop-
erly called the Barbary macaque in North Africa and
Gibraltar, and the “Celebes ape,” properly called the
Celebes macaque, of Sulawesi, Indonesia. Both species
were incorrectly called “apes” because their small stub-
tails make them appear tailless, and in the case of the
Celebes macaques, their black coats give them the ap-
pearance of small chimpanzees.

Macaques have the widest geographic and ecologi-
cal ranges of any nonhuman primates. Their geographic
range includes Morocco and Algeria in northwest Africa,
home of Macaca sylvana, the Barbary macaque, to the
broad expanses of Asia from Afghanistan to northern
China, Japan, Taiwan, Philippines, southeast Asia, and
Indonesia as far east as Sulawesi and the Molucca Is-
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lands. No other group of nonhuman primates has such an
extensive geographic range.

Ecologically, macaques live in a great variety of
habitats from tropical rainforests of southeast Asia, to
the agricultural plains of northern India, the deserts of
Rajasthan, the arid mountains of Pakistan and Afghan-
istan, and even temperate snow-capped mountains of
Japan, northern China, Nepal, and Morocco. Several
species are also conspicuous commensal inhabitants of
villages, temples, towns, and cities in Asia, especially
the rhesus monkey in India and Nepal, the Japanese
monkey, and the crab-eating monkey of southeast Asia
and Indonesia. One species alone, the rhesus monkey,
Macaca mulatta, is both a close commensal associate of
human populations in the crowded cities of India, and an
inhabitant of cool pine forests in northern India.

The widespread ecological and geographic distribu-
tion of the macaques is a reflection of their great adapt-
ability to different climates and habitats. Many species
of macaques can tolerate wide temperature regimes,
thrive on a great variety of natural or agricultural food-
stuffs, and live in very different landscape settings from
the mangrove forests of the Gangetic delta, to the steep
slopes of the Himalaya mountains. They readily adapt to
people, can survive well in urban environments if al-
lowed to steal food, but they can also exist without hu-
mans in completely natural habitats.

In food habits, macaques are mainly vegetarian, al-
though some species have been observed to feed on in-
sects for a small part of their diet. In forest habitats,
macaques are known to consume parts of more than 100
species of plants, primarily fruits, but also buds, young
leaves, twigs, bark, and occasionally flowers, and even
roots. In agricultural habitats, where macaques live in
close association with people, they are notable crop
raiders, feeding on field crops such as wheat, rice, and
sugar cane, and on garden crops such as tomatoes, mel-
ons, bananas, papayas, and mangos. In commensal habi-
tats such as towns, villages, temples, and roadsides, they
also feed extensively on direct food handouts from peo-
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Macaques

Image Not Available

Rhesus monkeys, a mother and infant. Courtesy of Charles
H. Southwick. Reproduced by permission.

ple—food such as peanuts, rice, grams (a type of legume
like a soybean), and even prepared foods including cha-
patis. In India, one study showed that a roadside group of
rhesus monkeys in a populated portion of the Gangetic
Basin east of New Delhi obtained 83% of its food from
people, 10% from agricultural field crops, and only 7%
from natural vegetation. In contrast, a forest-dwelling
group near Dehra Dun obtained virtually all of its food
from natural forest vegetation. Other forest-dwelling
species such as the lion-tailed macaque of south India,
Macaca silenus, obtain all of their food from natural
vegetation, as do most of the Sulawesi macaques such as
Macaca nigra and Macaca tonkeana. The latter, howev-
er, have taken to crop raiding recently as homesteaders
and farmlands invade their natural forest habitats.

Macaques are intensely social animals, living in es-
tablished social groups of just a few to several hundred
individuals. A typical social group of macaques has 20-
50 individuals of both sexes and all ages, consisting nor-
mally of approximately 15% adult males, 35% adult fe-
males, 20% infants, less than one year of age, and 30%
juveniles 1-4 years of age. However, there is great varia-
tion in group sizes and structures.

The macaques living in temperate environments such
as northern India, China, and Japan, have mating
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seasons, usually in the late fall (September-December),
with most births occurring in the spring and early sum-
mer (late March-July). Gestation periods average around
160 days, varying from 145-186 days. Usually only one
young is born at a time. Twins are rare. In different
species and different populations, 30-90% of the adult fe-
males give birth to one young per year. Infant macaques
are carefully cared for, nursed, and protected by the
mother for many months, and weaning usually occurs 9-
12 months after birth when the next infant is born. Infants
are bright-eyed and active but remain in close contact
with the mother for several weeks. After 6-8 weeks, they
begin to explore on their own, leaving their mother
briefly, beginning to play with other infants in games of
wrestling and chasing. They return to their mother, how-
ever, when she shows signs of moving. They ride with her
wherever she goes, at first clinging to her belly, but after
several months, they often ride on her back.

After one year of age, macaques pass from infant
dependency on their mother to a juvenile status, where
they associate more frequently with other juveniles. This
is the period of most active rough and tumble play. They
become sexually mature at 3-5 years of age. Females
normally stay within the social group to which they were
born, whereas young adult males often disperse and try
to enter other social groups. This can be a time of ag-
gressive activity, and not all males successfully enter
new groups. Some may become solitary, and continue at-
tempts to join social groups for many years. If successful
adulthood is reached within a social group, macaques
have a normal longevity of 20-25 or even 30 years.

The reproductive potential of some species, such as
the rhesus monkey, enables populations to grow at rates
of 10-15% per year if all environmental conditions are
favorable. Other species, especially the forest dwelling
lion-tailed macaque and some of the Sulawesi macaques,
however, have much lower reproductive rates, and their
populations are actually endangered.

Macaques have been subjects of great scientific in-
terest for many years in both field and laboratory studies.
Field studies have focused on their fascinating ecology,
behavior, and adaptations to a wide range of habitats.
Laboratory studies of behavior have involved research
on intelligence, learning, social development, and com-
munication. In research at the University of Wisconsin,
and Cambridge University, England, for example, it has
been shown that the maternal-infant bond is essential for
normal behavioral development. Without proper mother-
ing, young macaques fail to develop all the social and
communicative skills for successful life in a social
group. Some of these social deficits may be relieved with
adequate peer group experience, but in any case, the
overwhelming importance of the social environment is
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evident. Adult males do not participate in infant care, ex-
cept in a few species and occasional individuals. The
Barbary macaque is notable for adult males taking an ac-
tive role in carrying and holding infants, and even in rhe-
sus macaques, where infant care is normally the sole
province of the mother, occasionally an adult male will
show interest in holding infants. This is rare, however.
Usually, fatherhood is not readily recognizable—mating
behavior of most macaques is promiscuous, and a female
may mate with more than one male in an estrous cycle.

Macaques have a number of basic similarities in
anatomy and physiology to human beings, and for this
reason they have been used extensively in biomedical re-
search, vaccine development, and pharmaceutical test-
ing. The rhesus monkey was the primary subject, for ex-
ample, in research, development, and testing of polio
vaccines and in discovering principles of human blood
antigens such as the Rh factor. Rhesus have also been
valuable as research subjects in cardiovascular diseases,
cancer, immunology, toxicology, orthopedics, cerebral
palsy, and a variety of infectious diseases. Macaca nigra
has been important in diabetes research, and Macaca
nemestrina in research on retroviruses and AIDS. The
use of primates in biomedical research is a controversial
subject, strongly opposed by animal rights groups, but
generally supported as necessary and beneficial by most
biomedical scientists, providing adequate safeguards are
taken to assure humane treatment and proper care.

The extensive uses of macaques in biomedical re-
search, along with habitat loss and other ecological pres-
sures, have severely depleted the numbers of some species.
Certain conservation measures have resulted in some re-
coveries of declining populations, however, especially of
rhesus and Japanese monkeys. The rarer species of
macaques, including the lion-tailed, Barbary, Formosan,
Tibetan, and Celebes macaques, are seriously endangered,
however, mainly because of habitat losses. Strong action
on conservation protection is needed on these species, as
well as on many other non-human primates.

Whenever groups of macaques are displayed in zoos
they form popular exhibits with their active patterns of
social interaction: grooming, maternal care, infant and
juvenile play, and occasionally, adult conflict and ag-
gression. We can often see reflections of our own person-
alities in their behavior. In Asia, these similarities have
been encoded into rich cultural attachments, especially
in Hinduism, Buddhism, and the religions of China,
where macaques play an important role in religious tra-
ditions and folklore. In both India and China, for exam-
ple, macaques and other primates enjoy the status of
gods capable of defeating evil and restoring justice to
human life. Throughout the world, macaques enrich our
lives in many practical and intangible ways.
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Mach number

The Mach number is used in fluid mechanics and is
especially useful in studies involving supersonic aerody-
namics. It is named after Ernst Mach (1838-1916), the
Austrian physicist and philosopher who pioneered the
study of supersonic projectiles. The Mach number is the
ratio of the velocity of a fluid to the velocity of sound in
that same fluid. In the case of a body moving through a
fluid, the Mach number is the velocity of the body rela-
tive to the fluid divided by the velocity of sound in the
fluid. The velocity of sound varies with temperature
and also varies from one fluid to another. At sea level,
for example, the velocity of sound in air at 59°F (15°C)
is about 760 MPH (1,223 km/h). At an elevation of
40,000 ft (12,200 m), however, the temperature is about
-70°F (-57°C), and the velocity of sound in air is only
660 MPH (1,062 km/h). Thus, an airplane flying at 760
MPH at sea level would have a Mach number of 1.0,
while at an elevation of 40,000 ft it would have a higher
Mach number of almost 1.2.

One of the principal uses of the Mach number is to
define the behavior of fluid flows. For example, pres-
sure disturbances in a fluid, as might be caused by an
object such as an airplane wing moving through air, radi-
ate at the speed of sound within the fluid. When the
Mach number of an object is less than 1, the object is
moving slower than the speed of sound. In that case the
pressure disturbances can move ahead of the object.

This produces gradual pressure and density differ-
ences around the object which result in a certain kind of
fluid flow behavior. However, when the Mach number is
greater than 1, the object is moving faster than the speed of
sound. When this happens the pressure disturbances cannot
move out of the way fast enough, and very abrupt density
and pressure changes, known as shock waves, appear. This
results in a very different fluid flow behavior. These shock
waves are the cause of the “sonic boom” sometimes heard
when an airplane exceeds the speed of sound.
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Mach number

Mach number < 1

Figure 1. lllustration by Hans & Cassidy. Courtesy of Gale Group.

Mach number > 1

Shock wave

Figure 2. lllustration by Hans & Cassidy. Courtesy of Gale Group.
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Scientists now categorize four kinds of fluid flow
behavior based on the Mach number. Flows with Mach
numbers less than 0.8 are called subsonic, 0.8 to 1.2 are
called transonic, 1.2 to 5.0 are called supersonic, and
above 5.0 are called hypersonic. For each type of flow
there is a different fluid behavior. Aircraft designers
have to take these differences into account when design-
ing planes that take off and climb to altitude at speeds in
the subsonic region, then pass through the transonic re-
gion, and cruise at speeds in the supersonic region.

Machine tools

A machine tool is an electrically powered tool
which is used to remove material, usually metal, at a
controlled rate to achieve a desired shape or finish. A
machine tool typically holds the workpiece and a cutting
tool, and moves either the workpiece, tool or both to pro-
vide a means of machining the material to the desired
shape. Machining, another term for metalcutting, is per-
formed by shaving away the metal in small pieces called
chips. An average machining operation can reduce the
original workpiece weight by approximately 50%. The
modern machine tool is a precision piece of equipment
designed to cut metal and produce thousands of parts to
an accuracy of millionths of an inch, which is approxi-
mately equal to 1/300 of the thickness of a human hair.
Machine tools range from very small bench mounted de-
vices to large complex machines weighing hundreds of
tons. The major operations performed by machine tools
are milling, turning, boring, planing, shaping, drilling,
power sawing, and grinding.

Milling machines

Milling machines comprise one of the largest cate-
gories of machine tools with many different varieties and
configurations available. A milling machine is consid-
ered essential equipment in any machine shop because of
its wide variety of machining operations and its high
metal removal rates. The workpiece, mounted on a mov-
able machine table, is fed against one or more multiple-
tooth rotating tools called milling cutters, or mills. The
workpiece is usually held in vises, special holding fix-
tures, or clamped directly to the machine table and fed at
right angles to the axis of the milling cutter to produce
flat, recessed, or contoured surfaces.

Classifications

Milling machines can generally be classified accord-
ing to the orientation of the spindle, either vertical or hor-
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izontal. Vertical milling machines can also have what is
called “multiaxis” capability where the vertical axis can
tilt and swivel to enable the machining of closed angles
and contoured surfaces. Vertical milling machines are ex-
tremely versatile and can machine horizontal surfaces,
vertical surfaces, angular surfaces, shoulders, grooves,
fillets, keyways, T-slots, dovetails, and precision holes.

Horizontal milling machines are available in plain
and universal types. Plain milling machines have tables
which are fixed at right angles to the knee. Universal
milling machines have a table which can be pivoted in a
horizontal plane. This allows the machine table to be
swiveled to different angles for milling helical grooves.

The universal milling machine is widely used by
maintenance machinists and toolmakers because of its
versatility. Computer numerically controlled (CNC)
mills or “machining centers” are available in vertical and
horizontal configurations and come with automatic tool
changers which can store many different tools in
“carousels.” The major components of a typical milling
machine include the following: base, column, knee, ele-
vating screw, saddle, machine table, ram, head, and spin-
dle. The base is the heavy foundation member of the ma-
chine which can also be used as a reservoir for coolant or
cutting lubricant often used in machining operations.
The base is a massive casting which helps to absorb and
dampen vibration from the machining process. The col-
umn, which is either cast with the base or keyed and
bolted on, supports the functioning members of the ma-
chine. Horizontal “ways” on top of the column support
the ram and head while vertical “ways” on the column
front face support the knee, saddle, and machine table.
The knee moves along the vertical ways of the column
and is the basic work-supporting member. The knee is
equipped with ways on top to allow horizontal move-
ment of the saddle to and from the column face. The ele-
vating screw provides additional support for the knee
and allows the knee to be raised and lowered. The saddle
mounts on the ways of the knee and has horizontal ways
at right angles to the knee ways to support the machine
table. The machine table moves longitudinally on the
ways of the saddle and supports the workpiece. Com-
bined movements of the knee, saddle, and machine table
allow for precise positioning and feeding of the work-
piece left and right, in and out, and up and down. This is
called “3-axis” movement (X = left and right movement,
Y = in and out movement, and Z = up and down move-
ment). A rotary table can be added to a 3-axis mill to
give it 4-axis capabilities (typically rotation is about the
longitudinal or X-axis), while 5-axis mills are able to tilt
and swivel about the vertical axis. The ram is mounted
on the horizontal ways at the top of the column and sup-
ports the head and provides horizontal movement and
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Machine tools

positioning of the head at varying distances from the col-
umn face. The head includes the motor, stepped pulley,
belt drive (or in the case of heavier duty mills, the gear
drive), and the spindle. The head assembly provides for
rotation of the spindle and spindle feeding along the ver-
tical axis using a quill. The spindle contains the tool-
holding mount and drives the cutter.

Turning centers or lathes

Lathes are considered to be one of the oldest machine
tools in existence. Lathes were typically foot-powered until
water and steam power were harnessed. One of the first
machines driven by Watt’s steam engine was a lathe which
is how it came to be known as an “engine lathe.” The lathe
operates by holding the workpiece in a rotating holder,
usually a chuck or collet, and then a single-point cutting
tool is fed into the workpiece. If the tool is fed along the
axis of rotation of the workpiece, it is considered to be a
“turning” operation and any desired cylindrical contour
can be made. If the cylindrical contour is produced on the
inside of the workpiece, the operation is called “boring.” In
addition to turning and boring, the lathe is also used for
threading, tapping, facing, tapering, drilling, reaming, pol-
ishing, and knurling. Some typical parts a lathe may pro-
duce are pins, bolts, screws, shafts, discs, pulleys, and gear
blanks. Different attachments allow a lathe to perform
milling, grinding, and broaching operations. With the right
combination of attachments, it is said that the lathe is the
only machine tool capable of reproducing itself. The size
of a lathe is given in terms of the maximum “swing” and
length of bed. The swing refers to the maximum diameter
of work which can be rotated in the lathe. The length of the
lathe bed refers to the maximum length of the lathe ways,
not the maximum distance between centers of the chuck
and tailstock. Many different varieties of lathes are avail-
able ranging from the small precision lathe used for mak-
ing watch parts to the extremely large lathes used in pro-
ducing mill rolls and rocket casings.

Lathes can generally be classified in one of the follow-
ing five basic groups: engine lathes, speed lathes, turret
lathes, vertical lathes, and automatics. The engine lathe,
sometimes referred to as a “geared-head” lathe, is the most
commonly found lathe model. Speed lathes are used where
the workpiece is polished or formed (e.g., spinning) rather
than cut. Turret lathes have a “turret” tool changer which
rotates to permit a number of different tools to be used in a
certain sequence. Vertical lathes have a vertical axis of
workpiece rotation rather than horizontal. Automatic lathes
consist of high production turning machines such as screw
machines and single or multiple spindle chucking and bar
fed machines. All of the five basic lathe groups can also be
found in a computer numerically controlled version, some-
times called a “turning center.” The main components of a
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typical engine lathe include the following: bed, headstock,
feedbox, tailstock, and carriage. The bed is the base of the
lathe that supports the other components. The precision
ways are the part of the bed on which the carriage travels.
The bed is a massive casting in order to absorb and damp-
en vibration from the machining process. The headstock is
mounted rigidly on the bed and houses all the gearing and
mechanism for the spindle drive and power takeoff source
for the feedbox. Controls for selecting and changing spin-
dle speeds are also part of the headstock. The feedbox,
which may be an integral part of the headstock or a sepa-
rate unit, drives both the feed rod and the lead screw for
the feed rate or thread lead required.

A direct mechanical connection with the spindle
drive is required to provide the proper relationship for
feeding or threading operations. The lead screw is a pre-
cision part and is usually only used for threading opera-
tions to avoid unnecessary wear.

Most engine lathes incorporate a feed rod which is
used to drive the carriage for operations other than thread-
ing. The headstock spindle supports a faceplate, chuck, or
collet, which in turn holds and drives the workpiece. There
are four types of standard spindles, all identified by the
type of nose: threaded nose, camlock, taper nose key drive,
or flanged nose. The threaded nose spindle is usually only
found on smaller and less expensive lathes. The camlock
type allows faster changing of faceplates or chucks. The
taper nose key drive type provides greater support to the
workpiece while the flanged spindle nose permits mount-
ing of special chucks or power operated equipment and can
be found on turret lathes and automatics. The tailstock is
mounted on the bedways and may be positioned and
clamped to support work for turning. It may also use a tool
mounted in place of the tailstock center so that boring,
drilling, or reaming can be done. The tailstock must be per-
fectly aligned with the headstock spindle in order to pro-
duce good parts. The carriage is the tool platform of the
machine and supports and feeds the cutting tool over the
work. The carriage consists of the cross slide, which
bridges the ways to support the compound and tool post, or
toolholder, and the apron. The lead screw and the feed rod
pass through the apron and transmit feeding power to the
carriage. The main controls for positioning and feeding the
tool are also located on the apron.

Boring machines

Boring machines are similar in construction to milling
machines except they are generally more massive and built
lower to the floor, use different tooling, and feed different-
ly along the axis of the spindle. Boring machines are typi-
cally located in very clean, climate controlled environ-
ments and are massive for extra rigidity and vibration
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damping to ensure close tolerance hole sizes and locations,
one example being automobile engine piston bores.

Jig boring machines are primarily intended for tool-
room use and are used to produce precision dies, jigs, and
gages, which are used to ensure the accuracy and inter-
changeability of high volume production parts. There are
three common designs of jig boring machines in use, the
open-sided or C-frame, adjustable-rail, and fixed-bridge
construction. Variations of the jig boring machine include
jig grinders, which are used to realign holes after harden-
ing, and the horizontal jig boring and milling machine,
which is utilized for general production operations.

The base of the jig boring machine supports a saddle
that moves in and out from the operator to the column. A
table moves right or left on the saddle to complement the
saddle movement. A massive column supports the spindle
housing, which adjusts to the work location by moving
up and down the column ways. The spindle moves inside
a quill that is supported by the housing or spindlehead.

The quill also moves up and down inside the housing
to give a telescoping mechanism which adds rigidity to the
spindle. The spindle, quill, and housing are manufactured
under very careful and exacting conditions to eliminate
any lost motion. The housing is usually made of Invar cast
iron to minimize errors due to thermal expansion. Stabil-
ity of the housing is extremely critical because any expan-
sion would change the tool location relative to the column.

The spindle is hardened, ground, and lapped. Preloaded
ball bearings also help to eliminate lost motion of the tool
and its driving mechanism. Spindle speeds range from 30-
1,500 rpm on an average machine. A digital readout (DRO)
system is used to provide a continuous numerical readout of
the table position. Jig boring machines may also be comput-
er numerically controlled (CNC). CNC control permits
many additional jobs that would be impossible with a manu-
ally operated machine. One example would be to produce
precise, irregularly curved forms to be generated on cams or
master templates without operator involvement.

Planers

Planers remove metal in a series of straight cuts by
reciprocating (moving back and forth) the workpiece as
the single-point tool feeds. The fixed tool is rigidly sup-
ported while the workpiece moves on precision ways for
the full length of the cut, thus ensuring maximum accu-
racy. The rigidity of the tool allows the use of powerful
motors, up to 150 hp, which permits higher production
speeds and the use of multiple tooling with extremely
heavy cuts and feeds. Planers are typically big machines
used for handling the largest and heaviest work that can
be supported on the machine table, as much as 75 tons
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A lathe turns an object on a horizontal axis so it can be cut
with a fixed tool. Photograph by Pedro Coll. Stock Market. Re-
produced by permission.

(68 tonnes). Planers may be fitted with hydraulic tracing
attachments to enable them to cut curved surfaces.

There are two distinct types of planers, the single-
housing, or open-side planer, and the double-housing
planer. Double-housing planers are the most widely used
and provide the greatest tool support rigidity. The major
components of a double-housing planer are the bed, table,
housings, arch, cross rail, and heads (side and rail). The
bed is the foundation to which the housings are attached.
The bed is provided with precision ways over its entire
length and supports the reciprocating table.

The table supports the workpiece and reciprocates
along the ways of the bed. The table is slightly less than
half the length of the bed and its travel determines the di-
mensional capacity of the machine in length of stroke.
The housings are rigid box-type columns placed on each
side of the bed and table. They are heavily braced and
ribbed to absorb the large cutting forces encountered in
planing. The arch joins the housings at the top for greater
rigidity of construction and also houses the drive mecha-
nism for tool feeding. The cross rail is a rigid horizontal
beam mounted above and across the table on the vertical
ways of the columns. It supports the rail heads and pro-
vides for horizontal feeding of the cutting tools.

The heads carry the cutting tools and are equipped
with “clapper” blocks that lift the tools clear of the work
on the return stroke of the table. Single-housing or open-
side planers support the cross rail from a single column.
This permits wide workpieces to overhang the table on
the open side if necessary.

Planers require many strokes of the workpiece to
complete a cutting operation. Horizontal and vertical

2397

$]00} duIyoew



Machine tools

mills are much more efficient at metal removal than
planers and have replaced planers for production work.

Shapers

Shapers utilize a reciprocating single-point tool with
the workpiece clamped on the machine table. The work-
piece position and feeding are controlled to produce the
desired shape or surface as the tool passes back and forth
along a fixed path taking a series of straight cuts. Hori-
zontal shapers are used for machining flat surfaces,
which may be horizontal, vertical, or angular. Vertical
shapers or slotters are used for machining slots, key-
ways, and splines. Shapers may be fitted with hydraulic
tracing attachments to enable them to cut curved sur-
faces. The size of a shaper is designated by the maxi-
mum length of stroke or cut it can take.

There are many different types of shapers, but the most
common is the horizontal plain shaper, which consists of a
bed, column, cross rail, table, ram, and the head. The bed is
the rigid base of the machine that supports the column and
sometimes an outrigger table support, which is used to in-
crease the rigidity of the workpiece mounting. The column
houses the motor and drive mechanisms and is equipped
with two sets of precision ways which support the ram and
cross rail. The cross rail is a horizontal member that travels
vertically on the ways of the column to be adjusted, and
clamps in place in the desired position. The cross rail sup-
ports the table on precision ways. The table supports the
workpiece and feeds along the cross rail. The ram is the tool
driving member and reciprocates on precision ways on top
of the column. The length of stroke, rate of reciprocation,
and overhang at the extreme end of the ram travel are all ad-
justable. The head, which is mounted on the forward end of
the ram, supports the toolholder and provides for vertical
feeding or swiveling of the tool 30° either way from vertical.

Shapers require many strokes of the tool to complete
a cutting operation. Horizontal and vertical mills are
much more efficient at metal removal than shapers and
have replaced shapers for production work.

Drilling machines

Drilled holes are required in the manufacture of al-
most every product and drilling is one of the most com-
mon machining operations. Drilling machines are similar
in construction to milling machines except they are used
exclusively for making holes.

All drilling machines are characterized by a rotating
cutting tool which advances along its axis into a stationary
workpiece producing a hole. Six common operations which
can be performed on a drill press are drilling, reaming, bor-
ing, counterboring, countersinking, and tapping. Drilling
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machine capacity is determined by the size of the largest
workpiece over which the spindle can be centered, the max-
imum clearance under the spindle, and the maximum drill
diameter which can be fed at a practical feed rate through
mild steel. The five major classifications of drilling ma-
chines are uprights, radials, horizontals, turret drills, and
multiple-spindle machines. Each classification represents a
family of machines which is further subdivided.

Upright drills comprise the largest group and are
characterized by a single vertical spindle rotating in a
fixed position and supported in a modified C-frame
structure. The major components of the upright drill in-
clude the base, column, spindle, motor, head, table, feed
mechanism, and quill.

Radial drills are designed to accommodate large
work. These machines are arranged so that the spindle
can be positioned to drill anywhere within reach of the
machine by means of movement provided by the head,
the arm, and the rotation of the arm about the column.
Some types of radials and portable horizontal machines
allow the entire machine to be moved to the workpiece.

Horizontal drills are characterized by the position of
the spindle. Way-type and spindle-feed horizontals are self-
contained units consisting of motor drive, gearing, and spin-
dle which may be mounted at any predetermined drill angle
and are used extensively to meet high production needs.

Turret drilling machines provide a number of tools
mounted in a turret designed to handle a sequence of op-
erations. The turret drilling machine is also available as a
computer numerically controlled machine.

Multiple-spindle drilling machines include those de-
signed with fixed spindles for single-purpose production
and those where the spindles are adjustable, either by
means of universal joints or by traversing along a worm
or spiral drive in a straight line. Multiple-spindle drilling
machines are primarily used for high production rate
workpieces.

Sawing machines

Sawing machines are primarily used to part material
such as rough-cutting excess material away before machin-
ing or cutting curved patterns in sheetmetal. Sawing ma-
chines substitute mechanical or hydraulic powered motion
for arm motion to achieve the speed necessary for produc-
tion operations. The cutoff operation is usually one of the
first requirements in any production process before any
machining, welding, or forging is done. The saw blade has
individual teeth that “track” through the workpiece, each
tooth deepening the cut made by the preceding tooth in the
direction of feed. The saw or work may be fed and by con-
trolling the direction of feed, either straight or curved cuts
can be made. The width of the cut (also known as “kerf”) is
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approximately equal to the thickness of the saw blade and
because of this saw blades are made as thin as possible but
with adequate tool strength and rigidity.

There are three common types of sawing machines,
reciprocating or hack saws, band saws, and circular saws.
These machines all perform the same operation but vary
in capability, capacity, and application. Power hacksaws
use a reciprocating stroke where on the cutting stroke the
saw blade teeth are forced into the metal either by gravity
or hydraulic pressure while on the return stroke the pres-
sure is automatically removed to prolong saw blade life.
Most of the machines come equipped with a chip tray and
a cabinet base which contains the coolant reservoir and
its circulating pump. Heavy duty power hacksaws come
with automatic bar feeds where the stock is loaded on a
carriage which automatically moves forward the neces-
sary distance when the cutting is finished. Hydraulic
pressure automatically operates the vise jaws, gauges the
material, and raises and lowers the saw blade.

After being set up for cutting material to a specified
length, the power hacksaw will operate automatically
without need for an operator until all the material loaded
on the carriage has been cut. Horizontal band saws are
one of the most widely used sawing machines for cutoff
operations. These band saws range from small manually
operated machines to large, fully automatic production
machines. Vertical band saws are also used but are pri-
marily manually controlled machines used in tool rooms
and shops for maintenance and low production work.

Band saws have several advantages over other kinds
of cutoff machines. The saw blade cutting width or kerf is
1/16 in (0.16 cm) compared to 1/8 in (0.33 cm) for power
hacksaws and abrasive disc circular saws, and 1/4 in
(0.64 cm) for cold saws. This can represent a sizable sav-
ings especially when cutting large or expensive material.
The thinner saw blades also require less power to cut
through material making them more economical to oper-
ate. Because bandsaws have endless blades (band saw
blades are welded together to create an endless loop)
which cut continuously, the cutting rates are much higher.

Two of the most popular circular saws are the cold
saw and the abrasive disc cutoff saw. Cold saws are low
rpm circular saws for metal cutting. These saws range in
size from hand-operated bench-top models with 8 in (20
cm) blades to fully automatic machines with blades of 3 in
(7.6 cm) diameter and larger. Light duty manual or auto-
matic machines are sometimes equipped with a swivel
head which enables cuts to be made at different angles.
These saws are mostly used for cutting structural shapes
such as I-beams, angles, and channel sections because the
circular blades can complete their cuts with less travel
than straight blades. Heavy duty machines are available
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with bar feeds and can be used for cutting solid bars up to
10 in (25 cm). Material larger than this size would require
excessively large blade diameters, which must be more
than double the cutting capacity, which would become too
costly along with the machine necessary to drive them.
Different speed ranges are provided for cutting metals of
different hardness and toughness, and built-in coolant sys-
tems help produce better finishes and prolong blade life.

Abrasive cutoff saws utilize an abrasive disc to sepa-
rate material by using a grinding action. Abrasive cutoff
saws are built for either manual operation or with power
feeds, with either fixed or oscillating wheel heads. Oscil-
lating wheel heads are used when cutting thick sections
of tough materials such as titanium, nickel-based super-
alloys, and other high alloy steels. Sizes range from
small bench-top machines with 8 in (20 cm) wheels to
bigger machines with 20 in (50 cm) or larger wheels.
Abrasive cutoff saws are very useful for rapidly cutting
small sizes of bar stock, tubing, and structural shapes
and also for cutting tough or hardened materials that can-
not be cut efficiently with other types of saws.

Grinding machines

There are many different types of grinding machines
available which are used to obtain very close tolerances
and fine finishes. Grinding machines are used for grind-
ing flat surfaces, external and cylindrical surfaces, ta-
pered surfaces, and irregular surfaces. Production parts
are typically ground to tolerances of plus or minus 0.0001
in and special parts for precision instruments are ground
to plus or minus 0.000020 in (20 microinches). All grind-
ing machines utilize a rotating abrasive wheel or moving
belt in contact with a workpiece to remove metal. Various
combinations of wheel feed, either along or normal to the
axis of wheel rotation, and also rotary or linear workpiece
motion, are provided by the different types of grinding
machines. To produce shapes of cylindrical section,
workpiece and wheel both rotate on parallel axes while
one or the other is fed along its own axis of rotation. Con-
tact between workpiece and wheel is on the outside diam-
eter of the wheel and the work is mounted between cen-
ters, chucked, or rotated without centers by a back-up
wheel (this is called “centerless” grinding). To produce
flat surfaces, the workpiece is mounted on a table and tra-
versed along a line parallel to the surface to be ground or
rotated about an axis at right angles to the surface to be
ground. The axis of grinding wheel rotation can either be
parallel or perpendicular to the surface to be ground, ap-
plying either the side or face of the wheel. Complex
shapes are routinely ground such as thread forms, cam
contours, gear teeth, and cutting tool edges. The same
basic devices that control motion between the cutting tool
and workpiece in other machine tools are also used in
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KEY TERMS
Accuracy—How close measurements are to the
true value.

Carousel—A rotary tool holder used to hold many
tools as part of an automatic tool changer on a
CNC mill.

Dies—High precision tooling primarily used in
production presses.

Gages—Extremely accurate tooling used for mea-
suring.

Jigs—Tooling which is used for locating parts and
also for guiding cutting tools such as in a drill jig.

Precision—How close repeated measurements are
to each other.

Quill—Rotating toolholder.

Spindle—Assembly which contains a flange
mount housing, bearings, and a tapered nose tool-
ing holder.

grinding machines such as lead screws, cams, special fix-
tures and tracer mechanisms. Grinding machines have
limitations as to how fast and how much material can be
removed but modern manufacturing, with the help of
more accurate castings and forgings, is utilizing grinders
more and more for both sizing and finishing operations.
Some finished parts are produced by grinding only.

The major types of grinding machines available are
cylindrical grinders, internal and chucking grinders, uni-
versal grinders, centerless grinders, surface grinders,
face grinders, disc grinders, and tool and cutter grinders.

See also Industrial Revolution.

Resources

Books

Kalpakjian, Serope. Manufacturing Processes for Engineering
Materials. New York: Addison-Wesley Publishing Com-
pany, 1991.

Neely, John E., and Richard E. Kibbe. Modern Materials and
Manufacturing Processes. New York: John Wiley & Sons,
1987.

Repp, Victor E., and Willard J. McCarthy. Machine Tool Technolo-
gy. Mission Hills, CA: Glencoe Publishing Company, 1984.

Society of Manufacturing Engineers (SME). Tool and Manu-
facturing Engineers Handbook, Desk Edition. Dearborn,
MI: Society of Manufacturing Engineers, 1989.

Vickers, G.W., and R. G. Oetter. Numerically Controlled Ma-
chine Tools. Upper Saddle River, NJ: Prentice Hall, 1991.

Glenn G. Whiteside

2400

Machine vision

Machine vision, also referred to as computer or
robot vision, is a term that describes the many tech-
niques by which machines visually sense the physical
world. These techniques, used primarily for monitoring
industrial manufacturing, are becoming increasingly
popular as today’s manufacturing environments become
more automated and quality control standards increase.
Whether the task is to sort and assemble a group of ma-
chined parts, to determine if a label has been placed
properly on a soda bottle, or to check for microscopic
defects in an automotive door panel, machine vision
plays an essential role.

The human vision model

Machine vision systems tend to mimic the human vi-
sion system. An optical sensor and electronic main proces-
sor typically act as the eyes and brain and, as in humans,
they work together to interpret visual information. Also
like their human counterparts, the sensor and processor
are each somewhat responsible for filtering out the useless
information within the scene before it is analyzed. This re-
duces the overall processing requirements and allows hu-
mans and well-designed machine vision systems to make
decisions based on visual information very quickly.

Filtering the information within a scene begins with
matching the vision system to its industrial requirements.
Just as humans can adjust to a variety of situations by di-
lating their pupils or by tuning themselves to look for a
particular shape or color, machine vision systems must
also be somewhat flexible. Typically, however, the most
efficient system is one which is designed with only limit-
ed applications in mind. For this reason, machine vision
designers have developed a variety of application-specif-
ic techniques and systems to meet the speed and accura-
cy standards that modern industry demands.

One-dimensional methods

The simplest type of vision system is one that senses
only along a line. These one-dimensional sensors func-
tion best when used to simply detect the presence or ab-
sence of an object, and generally make no further at-
tempt at interpretation. Typically, these are used in appli-
cations such as automated assembly line counters,
where perhaps the number of bottles passing by a partic-
ular point needs to be monitored. The light passing from
one side of a conveyer belt to a detector on the other side
is occluded when a bottle passes by. This break in the
light signal is then recorded electronically and another
unit is added to the total count.
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Along with the simplicity of this system, unfortu-
nately, comes its limited applicability. This system (like
most other one-dimensional scanners) is not very good at
distinguishing between different objects. Two different-
shaped bottles, for example, can not be identified from
one another. A pickle jar, a hand, or a large flying insect
may trigger this system to record the break in light as an-
other bottle. Although they tend to be inexpensive, the
limited abilities of one-dimensional vision systems make
them popular choices for only very specific, well-con-
trolled applications. For the more sophisticated sensing
requirements of most vision applications, two-dimen-
sional techniques need to be employed.

Two-dimensional methods

The most common type of machine vision system is
one which is responsible for examining situations two-
dimensionally. These two-dimensional systems view a
scene in much the same way that a person views a photo-
graph. Cues such as shapes, shadows, textures, glares,
and colors within the scene allow this type of vision sys-
tem to be very good at making decisions based on what
essentially amounts to a flat picture.

Shape

Like humans, most machine vision systems are de-
signed to use shape as the defining characteristic for an
object. For these systems then, it is important to make an
object’s shape as easy to isolate as possible. Both proper
illumination of the object and efficient computer pro-
cessing of the image of that object are necessary.

Illuminating from behind is the most straightforward
optical way to make an object’s shape stand out. The result-
ing silhouette effect is the same as that which occurs when a
moth is seen flying in front of a bright light. To an observer
a few feet away, the moth’s colors pale, and the contrast be-
tween the moth and the background is enhanced so its
shape and size become the only discernable characteristics.
For a machine vision system, an image of this silhouette is
much easier to process than a conventional image.

Oftentimes, unfortunately, optical techniques alone
do not make an object’s shape stand out clearly enough.
For these situations, computer software-based techniques
are generally employed. These routines perform mathe-
matical operations on the electronic image of the scene
to convert it into an image that is easier to interpret.
Commonly used software routines can enhance the con-
trast of an image, trace out the edges of objects within an
image, and group objects within an image.

Surface texture

Another defining characteristic for an object is its
surface reflectivity. This cue is most often used for dis-
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tinguishing between objects made from different materi-
als and for distinguishing between objects of the same
material but with different surface finish (such as painted
or unpainted objects). At the extremes, an object is con-
sidered either a specular reflector or a diffuse reflector. If
it is specular, it tends to act like a mirror, with most of
the light bouncing off at the same angle with which it
struck the surface (with respect to a surface normal).
This is the case for a finely polished piece of metal, a
smooth pool of water, or even oily skin to some extent.
If, on the other hand, the surface is diffuse, light is re-
flected more or less evenly in all directions. This effect is
caused by roughness or very slight surface irregularities,
and is the reason objects made from materials like wood
or cloth generally appear softer in tone and can be distin-
guished from those made from metal.

Color

Often an object’s color or color pattern can serve
as its identifying feature. Every object has a color sig-
nature that is determined by its material and its surface
coating. Spectroscopic (color sensing) machine vision
systems are cued to make decisions based on this fea-
ture and typically operate in one of two ways. Both
techniques illuminate an object with white light, but
one looks at the light reflected by the object while the
other looks at the light transmitted through the object
for identification.

The simplest color sensing systems are responsible
for monitoring only one color across a scene. These are
typically used in quality control applications such as
monitoring of paints, to ensure consistency between
batches made at different times. More sophisticated
color sensors look at the color distribution across a two-
dimensional image. These systems are capable of com-
plex analysis and can be used for checking multi-col-
ored labels or for identifying multi-colored objects by
their color patterns.

Three-dimensional methods

The most advanced machine vision systems typical-
ly involve acquisition and interpretation of three-dimen-
sional information. These systems often require more so-
phisticated illumination and processing techniques than
one- and two-dimensional systems, but their results can
be riveting. These scanners can characterize an object’s
shape three-dimensionally to tolerances of far less than a
millimeter. This allows them to do things such as identi-
fy three-dimensional object orientation (important for
assembly applications), check for subtle surface defor-
mations in high precision machined parts, and generate
detailed surface maps used by computer-controlled ma-
chining systems to create clones of the scanned object.
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Triangulation techniques

The simplest way to extract three-dimensional infor-
mation from a scene is to do it one point at a time, using
a method known as point triangulation. The working
principle behind this method is based on simple
trigonometry. A right triangle is formed between a
laser, a video camera, and the laser’s spot on the object.
Measurement of the camera-to-laser distance and the
camera-to-laser projection angle allows for easy determi-
nation of the camera-to-object distance (for a particular
object point). This range gives the third dimension, and
can be determined for every object point by scanning the
laser beam across the surface.

This is a very powerful technique and is used quite
commonly for three-dimensional scanning because of
its straightforwardness. The problem for this type of
system, though, is that it has a relatively slow scan
speed. A typical image may contain over a quarter of a
million points. Recording only a fraction of these
points, one at a time, tends to be quite time-consuming.
The three-dimensional image, like taking a long expo-
sure photograph of a moving car, can sometimes be
blurred for all but the most stationary objects. To help
overcome this problem, a technique known as line
scanning is often used. Line scanning, or line triangula-
tion, is a simple extension of point triangulation. In this
case, however, the projected light is a line and an entire
strip of the surface is scanned at a time. Although the
computational algorithms are somewhat more complex
for this method, the time required to scan an object is
substantially less.

Structured illumination and
moiré techniques

A further increase in image-capture speed can be
achieved through the use of more sophisticated illumina-
tion. This illumination can take on many forms, but is
typically an array of dots or a set of projected lines. An
image of the structured illumination shown on an object
can then be processed in much the same way as triangu-
lation data, but a full frame at a time. It generally only
takes a handful of these full-frame images to describe a
surface three-dimensionally, making structured illumina-
tion techniques extremely fast.

One particularly interesting type of three-dimen-
sional scanner that uses structured illumination is based
on a phenomenon known as the moiré effect. The moiré
effect is a fascinating visual display that often occurs
when two periodic patterns are overlaid. It can easily be
seen in everyday experiences such as overlapping win-
dow curtains or on television when a character wears a
shirt with stripes that have nearly the same spacing as the

2402

TV lines. Moiré scanners typically operate by projecting
a set of lines onto an object and then viewing that object
through a transparency containing another set of lines.
The resulting moiré pattern is an array of curves that
trace out paths of equal object height, much like eleva-
tion lines on a topographical map. This image can then
be used directly to check for surface features or com-
bined with a few others and processed to give a true
three-dimensional plot of the object.

Applications

The semiconductor industry has become the largest
user of automated vision systems. A silicon wafer that
will become hundreds of microchips starts as a finely
machined disc about 7.9 in (200 mm) in diameter. Before
the disc is split into individual chips, the wafer under-
goes dozens of steps—some of which are indiscernible
by the human eye. To ensure the wafer maintains that se-
quence, sorting systems using optical character recogni-
tion (OCR) identify each wafer, sort it in a clean room
environment and report the results to a central network.

For manufacturing, one can classify machine vision
applications into four categories: gauging, inspection,
identification, and alignment. Gauging refers to measur-
ing critical distances on manufactured parts. Vision soft-
ware can quickly and consistently measure certain fea-
tures on a component and determine whether the part
meets tolerance specifications. Inspection means look-
ing to see if a mechanical part has been assembled prop-
erly. For example, inspecting the pins in an electronic
connector to check for missing pins or bent pins. Align-
ment often involves using pattern-matching software to
locate a reference object and then physically moving the
object within some tolerance. Identification refers to
classifying manufactured items. In an automotive as-
sembly plant, parts often need to be identified or sorted
using vision, such as tires by the tread pattern or inner
and outer diameter.

Another application for machine vision that is becom-
ing more popular as the technology improves is biometrics,
or the identification of a person through his or her readily
accessible and reliably unique physical characteristic.
These features are compared via sensors against a comput-
er system’s stored values for that characteristic. Some com-
monly used identifiers include hand proportions, facial
image, retinal image, finger prints, and voice print. The ad-
vantages of biometrics are that they cannot be lent like a
physical key or forgotten like a password. A leading con-
cern in the development of such applications, however, is
how to avoid rejecting valid users or approving impostors.
Such devices would be applicable for security systems at
banks, offices, and Internet network applications.
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KEY TERMS
Diffuse reflector—When the light hitting a rough
surface is reflected in all directions. Such a surface
can be thought of as consisting of many small-
scale flat facets.

Optical character recognition—The process of
applying pattern-matching methods to character
shapes that have been read into a computer to de-
termine the character that the shapes represent.

Optical sensor—One that measures light charac-
teristics. These sensors either measure intensity
change in one or more light beams or look at
phase changes in the light beams by causing them
to interact or interfere with one another.

Processor—The computer “brain,” or the main
component that makes a computer work. These are
typically a microprocessor on a single silicon chip.

Specular reflector—The reflection from a smooth
surface or when the angle of reflection equals
angle of incidence.

Surface reflectivity—The amount of light or visi-
ble radiation that is reflected or scattered in vary-
ing degree by the outside shell of all objects.
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Machines, simple

A simple machine is a device for doing work that
has only one part. Most authorities list six kinds of sim-
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ple machines: levers, pulleys, wheels and axles, inclined
planes, wedges, and screws. One can argue, however,
that these six machines are not entirely different from
each other. Pulleys and wheels and axles, for example,
are really special kinds of levers, and wedges and screws
are special kinds of inclined planes.

Levers

A lever is a simple machine that consists of a rigid
bar supported at one point, known as the fulcrum. A force
called the effort force is applied at one point on the lever
in order to move an object, known as the resistance force,
located at some other point on the lever. A common exam-
ple of the lever is the crow bar used to move a heavy ob-
ject such as a rock. To use the crow bar, one end is placed
under the bar, which is supported at some point (the ful-
crum) close to the rock. A person then applies a force at
the opposite end of the crow bar to lift the rock. A lever of
the type described here is a first-class lever because the
fulcrum is placed between the applied force (the effort
force) and the object to be moved (the resistance force).

The effectiveness of the lever as a machine depends
on two factors: the forces applied at each end and the dis-
tance of each force from the fulcrum. The farther a person
stands from the fulcrum, the more his or her force on the
lever is magnified. Suppose that the rock to be lifted is
only one foot from the fulcrum and the person trying to
lift the rock stands 2 yd (1.8 m) from the fulcrum. Then,
the person’s force is magnified by a factor of six. If he or
she pushes down with a force of 30 Ib (13.5 kg), the object
that is lifted can be as heavy as 180 (6 x 30) 1b (81 kg).

Two other types of levers exist. In one, called a sec-
ond-class lever, the resistance force lies between the ef-
fort force and the fulcrum. A nutcracker is an example of
a second-class lever. The fulcrum in the nutcracker is at
one end, where the two metal rods of the device are
hinged together. The effort force is applied at the oppo-
site ends of the rods, and the resistance force, the nut to
be cracked open, lies in the middle.

In a third-class lever, the effort force lies between
the resistance force and the fulcrum. Some kinds of gar-
den tools are examples of third-class levers. When you
use a shovel, for example, you hold one end steady to act
as the fulcrum, and you use your other hand to pull up on
a load of dirt. The second hand is the effort force, and the
dirt being picked up is the resistance force. The effort ap-
plied by your second hand lies between the resistance
force (the dirt) and the fulcrum (your first hand).

Mechanical advantage

The term mechanical advantage is used to described
how effectively a simple machine works. Mechanical ad-
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vantage is defined as the resistance force moved divided
by the effort force used. In the lever example above, for
example, a person pushing with a force of 30 Ib (13.5
kg) was able to move an object that weighed 180 1b (81
kg). So the mechanical advantage of the lever in that ex-
ample was 180 1b divided by 30 Ib, or 6.

The mechanical advantage described here is really
the theoretical mechanical advantage of a machine. In
actual practice, the mechanical advantage is always less
than what a person might calculate. The main reason for
this difference is resistance. When a person does work
with a machine, there is always some resistance to that
work. For example, you can calculate the theoretical me-
chanical advantage of a screw (a kind of simple ma-
chine) that is being forced into a piece of wood by a
screwdriver. The actual mechanical advantage is much
less than what is calculated because friction must be
overcome in driving the screw into the wood.

Sometimes the mechanical advantage of a machine
is less than one. That is, a person has to put in more force
than the machine can move. Class three levers are exam-
ples of such machines. A person exerts more force on a
class three lever than the lever can move. The purpose of
a class three lever, therefore, is not to magnify the
amount of force that can be moved, but to magnify the
distance the force is being moved.

As an example of this kind of lever, imagine a per-
son who is fishing with a long fishing rod. The person
will exert a much larger force to take a fish out of the
water than the fish itself weighs. The advantage of the
fishing pole, however, is that it moves the fish a large
distance, from the water to the boat or the shore.

Pulleys

A pulley is a simple machine consisting of a
grooved wheel through which a rope runs. The pulley
can be thought of as a kind of lever if one thinks of the
grooved wheel as the fulcrum of the lever. Then the ef-
fort force is the force applied on one end of the pulley
rope, and the resistance force is the weight that is lifted
at the opposite end of the pulley rope.

In the simplest form of a pulley, the grooved wheel
is attached to some immovable object, such as a ceiling
or beam. When a person pulls down on one end of the
pulley rope, an object at the opposite end of the rope is
raised. In a fixed pulley of this design, the mechanical
advantage is one. That is, a person can lift a weight equal
to the force applied. The advantage of the pulley is one
of direction. An object can be made to move upward or
downward with such a pulley. Venetian blinds are a sim-
ple example of the fixed pulley.
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A lever being used. Photograph by Yoav Levy. Phototake NYC.
Reproduced by permission.

In a movable pulley, one end of the pulley rope is at-
tached to a stationary object (such as a ceiling or beam),
and the grooved wheel is free to move along the rope.
When a person lifts on the free end of the rope, the
grooved wheel and any attached weight slides upward on
the rope. The mechanical advantage of this kind of pul-
ley is two. That is, a person can lift twice as much weight
as the force applied on the free end of the pulley rope.

More complex pulley systems can also be designed.
For example, one grooved wheel can be attached to a sta-
tionary object, and a second movable pulley can be at-
tached to the pulley rope. When a person pulls on the free
end of the pulley rope, a weight attached to the movable
pulley can be moved upward with a mechanical advantage
of two. In general, in more complicated pulley systems,
the mechanical advantage of the pulley is equal to the
number of ropes that hold up the weight to be lifted. Com-
binations of fixed and movable pulleys are also known as
a block and tackle. Some blocks and tackles have mechan-
ical advantages high enough to allow a single person to lift
weights as heavy as that of an automobile.

Wheel and axle

A second variation of the lever is the simple ma-
chine known as a wheel and axle. A wheel and axle con-
sists of two circular pieces of different sizes attached to
each other. The larger circular piece is the wheel in the
system, and the smaller circular piece is the axle. One of
the circular pieces can be considered as the effort arm of
the lever and the second, the resistance arm. The place at
which the two are joined is the fulcrum of the system.

Some examples of the wheel and axle include a door
knob, a screwdriver, an egg beater, a water wheel, the
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steering wheel of an automobile, and the crank used to
raise a bucket of water from a well. When the wheel in a
wheel and axle machine is turned, so is the axle, and vice
versa. For example, when you turn the handle of a screw-
driver, the edge that fits into the screw head turns at the
same time.

The mechanical advantage of a wheel and axle ma-
chine can be found by dividing the radius of the wheel
by the radius of the axle. For example, suppose that the
crank on a water well turns through a radius of 2 ft (61
cm) and the radius of the axle around which the rope is
wrapped is 4 in (10 cm). Then the mechanical advantage
of this wheel and axle system is 2 ft divided by 4 in, or 6.

Inclined planes

An inclined plane is any sloping surface. Many peo-
ple have used an inclined plane at one time or another
when they tried to push a wheelbarrow or a dolly up a
sloping board into a truck. One major difference between
an inclined plane and a lever is that motion always takes
place with the latter, but not with the former.

The primary advantage of using an inclined plane is
that it takes less effort to push an object up an inclined
plane than it does to lift the same object through the
same vertical difference. Just compare how difficult it
might be to lift a can that weighs 10 1b (4.5 kg) straight
up into a truck compared to how difficult it would be to
push the same can up a sloping board into the truck.

The mechanical advantage of an inclined plane can
be found by dividing the length of the plane by its
height. In the preceding example, suppose that the slop-
ing board is 10 ft (3 m) long and 2 ft (61 cm) high. Then
the mechanical advantage of the inclined plane would be
10/2, or 5. A person could move the ten pound weight
into the truck using a force only one-fifth as great as if
the can were lifted directly into the truck.

Wedges

A wedge is an inclined plane that can be moved.
Chisels, knives, hatches, carpenter’s planes, and axes are
all examples of a wedge. Wedges can have only one
sloping plane, as in a carpenter’s plane, or they can have
two, as in a knife blade. The mechanical advantage of
the wedge is calculated in the same way as with an in-
clined plane by dividing the length of the wedge by its
width at the thickest edge.

Screws

A screw can be considered to be an inclined plane
that has been wrapped around some central axis. You can
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KEY TERMS
Compound machine—A machine consisting of
two or more simple machines.

Effort force—The force applied to a machine.

Friction—A force caused by the movement of an
object through liquid, gas, or against a second ob-
ject that works to oppose the first object’s move-
ment.

Mechanical advantage—A mathematical measure
of the amount by which a machine magnifies the
force put into the machine.

Resistance force—The force exerted by a ma-
chine.

see this relationship by making an inclined plane out of
paper and then wrapping the paper around a pencil. The
spiral shaped form that you make is a screw.

Screws can be used in two major ways. First, they
can be used to hold things together. Some simple exam-
ples include wood and metal screws and the screws on
jars and bottles and their tops. Screws can also be used to
apply force on objects. The screws found in vises, press-
es, clamps, monkey wrenches, brace and bits, and
corkscrews are some examples of this application.

The screw acts as a simple machine when an effort
force is applied to the larger circumference of the screw. For
example, a person might apply the effort force to a wood
screw by turning a screwdriver. That force is then transmit-
ted down the spiral part of the screw called the thread to the
tip of the screw. The movement of the screw tip into the
wood is the resistance force in this machine. Each complete
turn of the screwdriver produces a movement of only one
thread of the screw tip into the wood. This distance between
two adjacent threads is called the pitch.

The mechanical advantage of a screw can be found
by dividing the circumference of the screw by its pitch.
For example, suppose that a carpenter is working with
screws whose heads have a circumference of 1 in (2.54
cm) and a pitch of 1/8 in (.33 cm). Then the mechanical
advantage of these screws is 1 divided by 1/8, or 8. The
carpenter magnifies his or her efforts by a factor of 8 in
driving the screw into a piece of wood.

Compound machines

In many instances, the combination of two or more
simple machines achieves results that cannot be achieved
by a simple machine alone. Such combinations are known
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Mackerel

as compound machines. An example of a compound ma-
chine is the common garden hoe. The handle of the hoe is
a lever, while the blade that cuts into the ground is a
wedge. Machines with many simple machines combined
with each other—such as typewriters, bicycles, and auto-
mobiles—are sometimes referred to as complex machines.

Resources

Books

Bains, Rae. Simple Machines. Mahwah, NJ: Troll Associates,
1985.

Macaulay, David. The New Way Things Work. Boston: Houghton
Mifflin Company, 1998.

David E. Newton

Mackerel

The Atlantic mackerel, Somber scombrus, supports
one of the most important commercial fisheries and sup-
ports a significant sport fishing interest. The fish is a

close relative of the tuna. The attraction of mackerel as
sport fish is due primarily to the streamlined body, forked
tail, pointed head, and high-speed swimming. An unusual
characteristic of the mackerel is that it does not possess a
swim-bladder. Mackerel are found in large schools in the
Atlantic Ocean from the New England coast to the Car-
olinas, and in the Eastern Atlantic south to Spain.

The average size of mackerel is less than a pound
(1/2 kg) although some fish weighing 2 1b (1 kg) are
found in deeper water. Mackerel feed on pilchards, her-
rings, small schooling fish, and small crustaceans such
as shrimp.

At spawning time female mackerels lay up to
500,000 eggs, which float due to the presence of oil
droplets. Spawning occurs in the mid Atlantic states in
the latter half of May and throughout June, and a few
weeks later further north. The eggs hatch in about 96-
120 hours, the lower the temperature the longer it takes
for them to hatch.

The Atlantic mackerel can be distinguished from
other species of mackerels by the pattern of up to 24
wavy black lines along the sides of its body above the

A painted mackerel (Scomberomorus regalis) at Benwood wreck, Key Largo, Florida. The fishes of the Scomberomorus
genus are the Spanish mackerels, or seerfishes. Photograph by Fred McConnaughey. National Audubon Society Collection/Photo
Researchers, Inc. Reproduced by permission.
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KEY TERMS
Caudal peduncle—The area immediately posteri-
or to the anal fin and extending to the base of the
caudal or tail fin.

Dorsal fin—A fin located on the back of a fish.

Keel—A raised prominence or ridge often associ-
ated with the caudal peduncle.

Lateral line—A line of pores opening on the side
of the fish which has been shown to be sensitive
to pressure changes.

Lunate—A term which refers to the shape of the
tail fin. This form resembles the early phase of the
moon (lunar).

Pectoral fin—One of paired fins located at the
proximate shoulder of the fish and which corre-
sponds to the forelegs of airbreathing vertebrates
on land.

Swim bladder or air bladder—An elongated mem-
branous pouch filled with gases and which aids
the fish to remain buoyant.

lateral line. The chub mackerel, S. japonicus, is smaller
than the Atlantic mackerel but closely resembles it in its
behavior and physical characteristics (but has fewer,
fainter black markings than the Atlantic mackerel).

The Pacific mackerel is the only mackerel found on
the west coast of North America and is the same species
(S. scombrus) as is found in the Atlantic Ocean. Pacific
mackerels are found from Chile to Alaska and along the
coasts of Japan and the mainland coast of Asia.

The kingfish of king mackerel, Scomberomorus cav-
alla ranges widely in size from under 10 1b (5 kg) to more
than 20 Ib (9 kg). Some specimens caught in nets have
been reported to weigh 100 1b (45 kg) and to exceed 5 ft
(1.5 m) in length. The king mackerel has a blue-green
back and silver sides, and a lateral line that is positioned
high near the head and quickly descends below the sec-

ond dorsal fin. King mackerel are found in great numbers
in the Caribbean in the spring time migrating up the At-
lantic coast with some entering the Gulf of Mexico.

The Spanish mackerel (S. maculatus) is a close rela-
tive of the king mackerel but grows only up to 12 Ib (6
kg), the average being under 2 1b (1 kg). In warm off-
shore and inshore waters, the Spanish mackerel is sub-
jected to heavy commercial and sport fishing.

The sierra, S. sierra, is very similar to the Spanish
mackerel (some taxonomists consider them to be the
same species) and is found in warm waters from Baja
California to South America.

The cero, S. regalis, is found together with the Span-
ish and with king mackerels, and is characterized by
rows of yellow or brown spots along its sides. The frigate
mackerel, Auxis thazard, closely resembles the tuna be-
cause it has a lunate tail rather than the forked tail typi-
cal of mackerels.

See also Tuna.

Resources
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Hoese, H. Dickson, and R. H. Moore. Fishes of the Gulf of
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Station: Texas A&M University Press, 1998.

Migdalski, E. C., and G. S. Fichter. The Fresh & Salt Water
Fishes of the World. New York: Greenwich House, 1982.
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Magic square

Magic square is an unusual numerical configuration
containing consecutive integers in arrangements so that
the sum of numbers in any row, column, or diagonal are
identical. Such squares were known approximately 4,000
years ago in China.

The basic magic square is a square containing con-
secutive integers starting with number 1. Three of the
basic magic squares are shown in Table 1.

TABLE 1. THREE BASIC MAGIC SQUARES

2 9 4 12 7
13 2
7 5 3
8 11
6 ! 8 1 14

9 6 9 2 25 18 11

3 21 19 12 10
16 3

22 20 13 6 4
5 10

16 14 7 5 23
4 15 15 8 1 24 17
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Magma

Other magic squares can be constructed by starting
with one of the basic squares shown above and adding
the same whole integers to each integer; equals added to
equals, the sums are equivalent. Likewise subtracting the
same value from each integer can result in other magic
squares. In a similar manner, multiplication or division
can be used to create other magic squares.

A general equation for constructing basic magic
squares is:

X=Ynm?2+1)

where X equals the sum of integers in any row, column,
or diagonal, and n equals the number of rows.

Jeanette Vass

Magma

In geology, magma refers to molten rock deep with-
in Earth that consists of liquids, gases, and particles of
rocks and crystals. Magma has been observed in the
form of hot lava and the various rocks made from the so-
lidification of magma. Geologists have created magmas
(artificial melts) in the laboratory to learn more about the
physical conditions in which magma originated and its
composition. Magma is the source of igneous rocks; it
can intrude or force itself into surrounding rock where it
cools and eventually hardens. These rocks are called in-
trusive igneous rocks. If magma rises all the way to
Earth’s surface it will extrude (push out), flowing or
erupting out at the surface as lava, forming extrusive ig-
neous rock (also called volcanic rock). Magma and the
rocks it creates have similar chemical compositions.

Magma is generated within Earth’s mantle, the thick
layer between Earth’s crust and outer core. Rock found
deep within the crust is extremely hot, soft, and pliable,
but rock does not become liquid until much deeper in the
upper mantle. Pockets, or chambers of magma, can origi-
nate at various depths within the earth. The composition
of the magma varies and indicates the source materials
and depth from which they originated. Silicon dioxide
(Si0,) is the predominant ingredient in magma. Other
ingredients include aluminum oxide, iron, magnesium,
calcium, sodium, potassium, titanium, manganese,
phosphorus, and water.

There are three basic types of magma, each having a
characteristic origin and composition: basaltic (the most
common, originating in the lower crust/upper mantle),
rhyolitic (originates in the oceanic crust), and andesitic
(most originate is the continental crust). New magma is
formed by rocks melting when they sink deep into the
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mantle at subduction zones. The chemical composition,
temperature, and the amount of dissolved liquids and
gases determine the viscosity of magma. The more fluid
a lava mixture is, the lower the viscosity. As magma or a
lava flow cools, the mixture becomes more viscous,
making it move slowly. Magmas having a higher silica
(SiO,) content are very viscous and move very slowly.

Magma has the tendency to rise because it weighs
less than surrounding hard rock (liquids are less dense
than solids) and because of the pressure caused by ex-
treme temperature. The pressure is reduced as magma
rises toward the surface. Dissolved gases come out of so-
lution and form bubbles. The bubbles expand, making
the magma even less dense, causing the magma to rise
faster. The magma exerts a great deal of pressure on
weak spots and fills up any cracks produced by the con-
tinual shifting of the earth’s crust. On its way up toward
the surface, magma can melt adjacent rock, which pro-
vides a suitable environment for the development of
metamorphic rocks. When magma erupts as lava, its
gases are released at the surface into the atmosphere or
can be trapped in the molten rock and cause “air bub-
bles” in rock. The gases can also create violent explo-
sions, throwing debris for miles around.

See also Volcano.
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Magnesium

Magnesium (Mg) is one of the most abundant struc-
tural metals (those metals used to build things), ranking
third behind iron and aluminum. Magnesium compounds
are found in mineral rocks such as dolomite and magne-
site, while the Earth’s oceans contain a practically unlimit-
ed supply of the metal in the form of dissolved magne-
sium chloride. One cubic mile of seawater holds some six
million tons of the element. The lightest of all the structur-
al metals, magnesium (atomic number 12) is about one-
third lighter than aluminum and gives more strength and
stiffness per pound than any other common metal.
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Magnesium compounds such as Epsom salts were
first prepared in the late 1600s and early 1700s. For a
while, the oxide compound (magnesia) was confused
with lime (calcium carbonate), until Joseph Black dis-
covered the difference between the two substances in
1754. Humphry Davy demonstrated in 1808 that magne-
sia was the oxide of a new metal, which he named mag-
nesium, but the element was not isolated until twenty
years later, when French chemist Antoine Bussy (1794-
1882) combined dry magnesium chloride with potassium
to produce the metal in its pure form. Using electrolysis,
Michael Faraday obtained magnesium from magnesium
chloride in the 1830s. Then in 1852, Robert Bunsen de-
veloped an electrolytic cell for producing large quantities
of magnesium. For the next sixty years, German
chemists further developed Bunsen’s cell and pioneered
in the production and use of magnesium. The element is
relatively easy to extract from seawater by electrolysis,
which splits the chloride compound and produces mag-
nesium metal and chlorine gas. By 1909, Germany was
manufacturing magnesium commercially, and America
began producing magnesium during World War I, es-
chewing German imports.

During the war, magnesium was used in incendiary
bombs, which ignite and burn upon impact, as well as
flares and tracer bullets. Powdered magnesium burns
with a dazzling white flame, a property of the metal
Bunsen had demonstrated in the 1850s. This quality has
been exploited in many other products, such as fire-
works, and the metal is used in photography to provide
a brilliant flash for lighting purposes.

Magnesium’s light weight is its most valuable at-
tribute, however. When World War II began in 1939,
Germany was well-positioned to use magnesium for air-
craft construction and other military applications. In re-
sponse, American companies stepped up their magne-
sium manufacturing efforts, resulting in a dramatic in-
crease in magnesium production in the United States; it
peaked in 1943 at nearly 184,000 tons. In addition to
electrolytic extraction of magnesium from seawater, the
element can be produced from mineral rocks by various
thermal processes. These methods use a reducing agent
such as ferrosilicon to break down magnesium com-
pounds and form vapors of magnesium, which are then
distilled into crystals and melted.

Today, many automotive manufacturers in Europe
and America are using or testing vehicle parts made of
magnesium alloys—mixtures of magnesium and other
metals, most often aluminum. Magnesium’s light weight
will become more critical as automakers try to meet new
vehicle mileage standards. Because magnesium is easily
cast into complex structures, automakers could also re-
duce the number of parts needed and streamline the as-
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sembly process. Some manufacturers already use mag-
nesium alloys in vehicle bodies and frames.

Magnesium alloys are also used in a host of other
products, such as sports equipment, for which light weight
is an advantage. Baseball catchers’ masks, skis, race cars,
and horseshoes are made with magnesium alloys. Con-
sumer goods such as ladders, portable tools, electronic
equipment, binoculars, cameras, furniture, and luggage
also benefit from magnesium’s light weight, and other ap-
plications make use of its ability to absorb vibration. Mag-
nesium is an important element from a biological stand-
point as well. Scientists have learned that magnesium ions
aid in the digestive process, and several magnesium com-
pounds are active ingredients in medicines such as milk of
magnesia (magnesium hydroxide) and Epsom salts (mag-
nesium sulfate). In plants, magnesium is even more criti-
cal—it is a component of chlorophyll, the green pigment
that converts the Sun’s energy, in the form of light, into
food. Magnesium’s position in the chlorophyll molecule,
which is similar to that of iron in hemoglobin, was discov-
ered by Richard Willstitter in the early 1900s. This was
the first clue to magnesium’s importance as a plant nutri-
ent; before, scientists thought that it was an impurity.
Since then, agricultural fertilizers for magnesium-defi-
cient soils have greatly increased crop yields.

Magnesium sulfate

Magnesium sulfate (MgSO,) is a white powder,
commonly known as epsom salts. It is easily dissolved in
water, making it a source of magnesium that can be
readily absorbed by living things. It is used in manufac-
turing mother-of-pearl, in dyeing calico, in tanning
leather, in manufacturing fertilizer, and in treating and
preventing seizures during pregnancy. Magnesium sul-
fate is also used to treat constipation. It has recently been
noticed that many people with diabetes have abnormally
low levels of magnesium ions in their blood.

Physical and chemical properties of
magnesium sulfate

Magnesium sulfate is obtained from the mineral ep-
somite, a white solid. It can also be prepared commer-
cially by the reaction of magnesium carbonate (MgCO3)
with sulfuric acid (H,SO,). Magnesium sulfate is usual-
ly found in the form magnesium sulfate heptahydrate
(MgSO, * 7 H,0). The “hepta” prefix refers to the seven
water molecules that are loosely attached to each magne-
sium sulfate molecule. Magnesium sulfate is very soluble
in water. At room temperature about 1.5 Ib (700 g) of
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Magnetic levitation

KEY TERMS
Eclampsia—A condition of pregnancy marked by
high blood pressure, swelling of body tissues, and
eventually convulsions.

Edema—An abnormal collection of fluids in the
body tissues.

MgSO, can be dissolved in a quart (1 L) of water. When
dissolved in water, magnesium sulfate ionizes (or separates
into ions) into magnesium (Mg?*) ions, and sulfate (SO,*)
ions. Solutions of magnesium sulfate have a neutral pH.
Magnesium sulfate is used in many industrial processes and
in the manufacturing of fertilizers. Magnesium is essential
for plant growth because each chlorophyll molecule con-
tains a magnesium atom. Without this magnesium atom in
the center of the chlorophyll molecule, plants would be un-
able to use the energy from sunlight for growth.

Magnesium sulfate and medicine

Magnesium sulfate is used to prevent the convulsions
and seizures that can occur during pregnancy, in a condi-
tion known as eclampsia. Eclampsia is characterized by
high blood pressure, edema (swelling of tissues, notably
in the arms and legs), and convulsions. Magnesium sulfate
is used to prevent and reduce the severity of convulsions
and to reduce some of the excess body fluids. Magnesium
sulfate is used as a purgative (laxative). It is thought to
work by preventing the intestines from taking up or ab-
sorbing water from their contents, thus stimulating more
frequent bowel movements. It has also been used to treat
some heavy metal poisoning (notably barium, which is in
the same family of the periodic table) and works by help-
ing the body to rid itself of the contents of the digestive
tract more rapidly. Magnesium sulfate is used to treat con-
ditions of low blood levels of magnesium. It is used over
other compounds containing magnesium because of its
greater solubility and thus more rapid uptake by the body.

Recent research has shown that there is a link be-
tween diabetes and lower blood levels of magnesium.
This does not necessarily mean that low blood levels of
magnesium cause diabetes, but may simply mean that
magnesium is lost more rapidly due to the frequent uri-
nation of people with diabetes.

See also Alkaline earth metals; Diabetes mellitus.

Resources

Periodicals

Fackelman, K. “Magnesium Eases Diabetics Blood Pressure.”
Science News 138 (22 September 1990): 189.

2410

“Magnesium Supplementation in the Treatment of Diabetes.”
Saturday Evening Post 264 (September-October 1994): 66.

Malesky, G. “Magnesium for Moms to Be.” Prevention 41
(January 1989): 8.

Owens, Mona, W. “Keeping an Eye on Magnesium.” American
Journal of Nursing 93 (February 1993): 66.

Louis Gotlib

Magnet see Magnetism
Magpnetic field see Electromagnetic field

Magpnetic levitation

Magnetic levitation is the phenomenon in which two
magnetic objects are repelled from each other in a vertical
direction. The phenomenon, also known as MAGLEYV, has
long been recognized as having some important commer-
cial applications. The most significant of these is the con-
struction of MAGLEYV trains which are propelled a few
inches above a track at very high rates of speed.

Principle of operation

Imagine that two bar magnets are suspended one
above the other with like poles (two north poles or two
south poles) directly above and below each other. Any
effort to bring these two magnets into contact with each
other will have to overcome the force of repulsion that
exists between two like magnetic poles. The strength of
that force of repulsion depends, among other things, on
the strength of the magnetic field between the two bar
magnets. The stronger the magnet field, the stronger the
force of repulsion.

If one were to repeat this experiment using a very
small, very light bar magnet as the upper member of the
pair, one could imagine that the force of repulsion would
be sufficient to hold the smaller magnet suspended—Iev-
itated—in air. This example illustrates the principle that
the force of repulsion between the two magnets is able to
keep the upper object suspended in air.

In fact, the force of repulsion between two bar mag-
nets would be too small to produce the effect described
here. In actual experiments with magnetic levitation, the
phenomenon is produced by magnetic fields obtained
from electromagnets. For example, imagine that a metal
ring is fitted loosely around a cylindrical metal core at-
tached to an external source of electrical current. When
current flows through the core, it sets up a magnetic field
within the core. That magnetic field, in turn, sets up a
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current in the metal ring which produces its own magnet-
ic field. According to Lenz’s law, the two magnetic fields
thus produced—one in the metal core and one in the
metal ring—have opposing polarities. The effect one ob-
serves in such an experiment is that the metal ring rises
upward along the metal core as the two parts of the sys-
tem are repelled by each other. If the current is increased
to a sufficient level, the ring can actually be caused to fly
upward off the core. Alternatively, the current can be ad-
justed so that the ring can be held in suspension at any
given height with relation to the core.

MAGLEV vehicles

Credit for foreseeing the applications of magnetic
levitation in the construction of vehicles is usually given
to rocket pioneer Robert Goddard. In 1907, Goddard pub-
lished a story in which he described a vehicle that traveled
by means of the principle of magnetic levitation. The first
working model of such a vehicle was constructed in 1912
by the French engineer Emile Bachelet. Bachelet’s vehicle
was propelled by the repulsive forces set up between cop-
per electromagnets suspended above an aluminum track.
Bachelet’s model proved to be a dead end, however, be-
cause the amount of electrical energy needed to create
suspension was much too great to produce economically.

In fact, that problem was the primary reason that MA-
GLEYV vehicles remained a dream until very recently. In
order to lift an object weighing many tons, a very strong
force of repulsion between vehicle and track must be creat-
ed. The force of repulsion, in turn, can be produced only by
means of very powerful electromagnets. The weight of
such magnets and the electrical energy needed to operate
them placed the idea of MAGLEV vehicles out of the
realm of real-life technology for many decades.

Superconducting magnets

For many years, scientists have been aware of at
least one obvious way of dealing with these practical
problems—superconducting magnets. Superconductivity
is the tendency of a conducting material (such as copper)
to carry an electrical current with virtually no resistance.
Although superconductivity had been discovered as
early as 1911, its application to real-life inventions had
always been limited by the fact that it was observable
only at temperatures close to absolute zero. A MA-
GLEYV vehicle that made use of superconducting mag-
nets would, therefore, be much more efficient than one
using traditional electromagnets. But the superconduct-
ing model would also have to be designed so as to oper-
ate at very low temperatures (close to -450°F [-268°C]).

Still, by the 1960s, researchers had begun to design
and build prototype MAGLEYV vehicles powered by su-
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perconducting electromagnets. Most such vehicles oper-
ated on a common principle. Superconducting coils are
suspended beneath the body of the MAGLEV vehicle it-
self. As current begins to flow through these coils, a
magnetic field is created. That magnetic field, as in the
example noted earlier, sets up a magnetic field in the
metal track beneath the vehicle. The force of repulsion
between the two magnetic fields forces the train upward
and keeps it suspended a few inches above the track. As
the electrical current in the superconducting coils in-
creases, so do the opposing magnetic fields and the force
of repulsion between them.

Of course, the vehicle must not only be lifted above
the track, but it must also be moved in a forward (or
backward) direction. This propulsive force is provided
by an electric current that flows through guideway coils
in the track. As the current changes in the coils, so does
the strength of the magnetic field. As a result, the MA-
GLEYV vehicle is alternatively pushed and pulled by the
changing magnetic field in the coils. The speed of the
train can be controlled by the electrical current passing
through the coils.

A MAGLEV train begins operation like any other
railway train, with its wheels resting on the track. As
electrical current begins to flow through its supercon-
ducting coils, the train is pushed forward on the track
and then gradually lifted off it. At maximum speed, most
trains are designed to travel a few inches above the track
and at speeds of 250 mi (402 km) per hour or more.

Disadvantages of MAGLEV vehicles

Magnetic levitation as a means of transportation is
not without its problems. For example, initial plans call
for the construction of MAGLEV tracks in the United
States adjacent to the nation’s interstate highway system.
But passengers traveling in a 250-mile-per-hour MA-
GLEV train will feel much stronger gravitational forces
in rounding an interstate curve than will passengers in a
car moving at 65 mi (105 km) per hour. Also, initial tests
suggest that MAGLEV vehicles may produce a high
level of noise when they operate at top speed. Tests have
shown that sound levels of 100 decibels at a distance of
80 ft (24 m) from the guideway may be possible. Such
levels of sound are, however, unacceptably high for any
inhabited area.

Prospects for MAGLEYV vehicles

The new age of MAGLEYV technology can be traced
to the early 1960s. During that period, many observers
saw MAGLEYV vehicles as a way of solving a number of
problems confronting the United States and other devel-
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oped nations. For example, they offered an apparently
efficient way of moving large numbers of people quickly
and efficiently through and around urban areas. They
could be powered with almost any form of energy from
which electricity could be made, not just with coal or
petroleum. By 1970, then, a number of model MA-
GLEYV vehicles had been constructed.

That research has been vigorously continued in a
number of nations, including Japan, Great Britain, Ger-
many, and France. All of these nations have developed a
number of prototype vehicles that may soon move into
commercial operation. For example, Japanese engineers
have designed a 27-mi (43.5 km) test line through the Ya-
manashi Prefecture that would carry up to 10,000 passen-
gers per hour in 14-car trains traveling at 310 mi (499 km)
per hour. Some German models have used a somewhat
different form of magnetic levitation. The German’s Tran-
srapid 07 has nonsuperconducting magnets attached to the
vehicle body and suspended beneath the guide rail. The
magnets are attracted (rather than repelled) upward to the
rail, lifting the train to within an inch of the guide rail.

In contrast to this kind of progress, however, the
United States had by 1975 virtually abandoned research
on magnetic levitation. That decision, made by the Of-
fice of Management and Budget, had been made on the
belief that MAGLEV transportation would not be an
economically feasible alternative in this country in the
foreseeable future.

That attitude underwent a dramatic reversal in the
early 1990s, largely as the result of the interest of one
politician, Senator Daniel Patrick Moynihan (1927-2003)
of New York. Moynihan had become convinced that MA-
GLEYV vehicles were the means by which the nation’s in-
terurban transportation problems could be solved. And, as
chairman of the Senate subcommittee responsible for the
U.S. highway system, Moynihan was in a position to put
his beliefs into practice. In 1989, Moynihan inserted into
the highway bill a special provision for the development
of new MAGLEYV technology, the Magnetic Levitation
Prototype Development Program, with a budget of $750
million. Given this seed money, many experts once more
have high hopes for the eventual development of a com-
mercial MAGLEYV vehicles program in the United States.

See also Electromagnetism; Trains and railroads.
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Electromagnetism—The unified electrical and
magnetic field of force generated by the passage
of an electric current through matter.

Superconductivity—The tendency of an electrical
current to flow through a conductor with essen-
tially no resistance.
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Magnetic recording/
audiocassette

Audiocassette tape recorders are widely used to record
and play back music or speech. Information is stored on a
narrow ribbon of plastic tape that has one side coated with
a magnetic material, such as iron oxide. An electromagnet
aligns individual magnetic particles in a pattern that corre-
sponds to the loudness and frequency of incoming sounds.
In order to play back the recorded information, the magnet-
ic tape moves past a pickup coil that generates an electrical
output signal. After being amplified, this signal causes a
speaker to vibrate which produces sound waves for the lis-
tener. A tape recording can be erased by using a rapidly
changing magnetic field that scrambles previously record-
ed patterns of particle alignment.

The discovery of electromagnetism

Before 1820, magnetism and electricity were two
completely separate fields of science. Magnetism was as-
sociated with the attraction of magnets for iron objects
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and the use of a compass needle to locate north and south.
Electricity was of practical interest in connection with the
hazards of lightning. Some scientists experimented with
static electricity in the laboratory by rubbing a wool cloth
against glass, but no useful applications came about.

In 1821, a Danish physics teacher named Hans Chris-
tian Oersted made a remarkable discovery while doing a
demonstration for his class. He had made a crude chemi-
cal battery by placing strips of copper and zinc into an
acid solution. By connecting the two metal terminals with
a wire, he provided a path for electric current to flow. A
magnetic compass was lying on the table nearby. To his
great surprise, Oersted noticed that the compass needle
would deflect whenever current flowed through the wire.
Apparently, the electric current created a magnetic field
around the wire. His discovery was the beginning of elec-
tromagnetism, a joining of these two sciences.

Other scientists followed up on Oersted’s discovery.
For example, it was found that a much stronger magnetic
field could be produced by winding the electric wire into
a coil. Also, an iron core at the center of the coil intensi-
fied its magnetic field even more. Joseph Henry, an
American inventor who later became head of the Smith-
sonian Institution in Washington, D. C., made an electro-
magnet that was powerful enough to support a load
weighing 2,000 1b (908 kg).

Recording on tape with an electromagnet

Information becomes stored on magnetic tape as it
passes by the so-called recording head, which is a small
electromagnet. There must be a narrow gap in this elec-
tromagnet so that its magnetic field will extend over the
nearby section of tape.

The signal coming from the audio input is an alter-
nating, back-and-forth current. An audio sound with a
frequency of 1,000 cycles per second, for example, re-
verses its electric current direction every one-thousandth
of a second. When the current is reversed, the North and
South poles of the recording head electromagnet are in-
terchanged. Consequently, the nearby magnetic particles
embedded in the tape will become reoriented in the op-
posite direction.

When a loud sound is being recorded, the current to
the electromagnet is large and its magnetic field will be
relatively strong. Therefore a large number of magnetic
particles in the tape will become aligned. A soft sound
produces a weak field, so only a small fraction of mag-
netic particles will be affected.

For audiocassette players, the tape is designed to
move at a standard speed of 1 7/8 in (4.8 cm) per second.
During one cycle of a 1,000 cycle note, the tape moves

GALE ENCYCLOPEDIA OF SCIENCE 3

Input signal

]

Audio amplifier
1 1

Electromagnet

—

Moving magnetic tape -  Magnetic field

QQODO [ Y e e e g

Random Aligned

Magnetic
particles

Figure 1. Recording head. lllustration by Hans & Cassidy.
Courtesy of Gale Group.

only about 1/500th of an inch (0.005 cm), which is a dis-
tance smaller than the diameter of the period at the end
of this sentence. Several magnetic particles in a row
must fit into such a short distance on the tape.

The human ear normally can hear sounds up to
about 15,000 cycles per second. To record such a high
frequency without distortion requires extremely tiny
magnetic particles. The magnetic material must be easy
to align and should retain its pattern of orientation indef-
initely. Better quality audio tapes use very fine grains of
chromium dioxide instead of iron oxide. Inexpensive
tapes are adequate for recording the spoken voice be-
cause its frequency range is much less than for music.

An audiocassette has a built-in erase head to remove
previously recorded information. The tape has to be
blank before it can be used again to make a new record-
ing. The erase head normally is an electromagnet that
operates at an ultrasonic frequency, much higher than the
human ear can hear. It effectively randomizes the align-
ment of magnetic particles. Audiocassettes are designed
so that the tape passes by an erase head just before the
recording head. Sometimes musicians at a recording stu-
dio want to record a second sound track over the first
one. In that case the erase head has to be deactivated, so
the original sound is not lost.

Operation of the playback head

How can the information, which was stored in a pat-
tern of magnetically aligned particles on tape, be con-
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Figure 2. Cassette and heads. lllustration by Hans & Cassidy. Courtesy of Gale Group.

verted back into sound waves? The magnetic pattern
must be transformed into an electric current, which then
can be amplified and cause a speaker to vibrate.

The operation of the playback is based on a discov-
ery made in the 1830s by an English physicist, Michael
Faraday. He knew about Oersted’s earlier observation
that magnetism is created by an electric current. Faraday
wondered if the opposite process might occur, where an
electric current could be created from magnetism. By ex-
perimenting with magnets and coils of wire, he was able
to show that a moving magnet did create a small current
in a coil. His discovery was called electromagnetic in-
duction because current was “induced” in the coil by the
moving magnet. The induction principle, combining
magnetism and motion, is the basis for the operation of
the generators that produce electricity at power plants.

The tape of an audiocassette has a weak magnetic
field around it that varies from point to point depending
on the orientation of its magnetic particles. The play-
back head contains a coil of wire. When the magnetized
tape moves past the coil, Faraday’s condition for induc-
ing a current in the coil is fulfilled. The induced current
will alternate in direction depending on the orientation
of the magnetic particles as they pass by the playback
head. The magnetic pattern originally recorded on the
tape is transformed into a precisely corresponding elec-
trical signal.

The electric current from the playback head is am-
plified and sent to an audio speaker, which vibrates in
synchronism with the varying current. The back-and-
forth motion of the speaker creates pressure waves in
the air. This causes the listener’s ear drums to vibrate,
producing the sensation of sound.
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When someone wants to listen to a previously
recorded tape, only the playback head is activated. How-
ever, to record new information on a tape requires two
operations: the erase head must be activated, followed by
the recording head. It is possible to activate all three
heads, so that the first one erases, the second one records
and the third one plays back what has just been recorded.

Motor drive for constant tape speed

In an audiocassette player, the tape must move from
the supply reel to the take-up reel at constant speed. Oth-
erwise the sound becomes distorted. It would not work
to pull the tape along simply by rotating the take-up reel,
because each successive revolution would pull a longer
section of tape past the heads, causing the tape speed to
increase.

To obtain a constant tape speed, a motor is used to
turn a small metal cylinder, called a capstan, at constant
speed. When the tape player is switched on, a roller press-
es the tape against the rotating capstan. The tape is
pinched between the roller and capstan, forcing it to move
toward the take-up reel at constant speed, as desired.

The main problem with this tape drive mechanism is
that it may generate a background hum in the output
sound. One can listen for hum by playing a tape that is
blank and turning the volume control up to maximum.
This provides a helpful comparison test when trying out
several models in an audio store for possible purchase.

History of magnetic recording

The first working model of a magnetic recording de-
vice was demonstrated in 1898 by a Danish engineer
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named Valdemar Poulson. He used the mouthpiece from
a telephone to convert speech into an electric current.
The current went to an electromagnet which recorded the
signal on a thin steel wire. The wire moved past the elec-
tromagnet very rapidly, a hundred times faster than mod-
ern cassette tapes. Recordings could only be very brief
and the wires were awkward to handle. A competing
technology, the phonograph, had been invented by
Thomas A. Edison a few years earlier. It was easier to
operate and was already quite popular by 1900, so mag-
netic recording attracted little interest at the time.

A step forward in magnetic recording was to replace
the wire with a thin steel ribbon. A further advance was
the development of paper tape with a layer of iron oxide
adhering to one side, which was introduced in Germany
in 1930. A few years later, plastic tape replaced the paper.

Commercial recording studios and radio stations
greatly preferred tapes over phonograph records because
they were suitable for editing. For example, if an other-
wise excellent musical performance had minor flaws
such as a cough or a note out of tune, the tape could be
cut and spliced to remove the offending segment. For
home use, only phonograph records were available at
this time. Records could be mass-produced cheaply by
making a master disk and pressing copies from it, while
duplicating tapes was a lengthy process.

The invention of the transistor in 1947 revolutionized
the communication industry. The subsequent development
of microelectronics and a cartridge tape system led to com-
mercialization of audio cassettes for the mass market in the
1960s. Magnetic tapes were designed to have two sound
tracks, one to play in the forward direction and the second
one when the tape was reversed. Then stereo sound, using
two speakers, came into vogue. Four separate sound tracks
were needed now, two tracks in each direction.

A further development in ultra-high fidelity music
recordings was the introduction of digital audio tape
(DAT) in the 1990s. Each second of sound is subdivided
into 48,000 time intervals. The sound intensity during
each interval is measured and recorded numerically on
the tape in a binary, two-valued code. Each magnetic
particle on the tape is like a tiny compass needle, point-
ing either forward or back, so a binary numerical system
is appropriate. For playback, the digital information
must be decoded before being sent to the speakers.

DATs cannot be played on ordinary tape players.
The digital cassettes are smaller in size, although they
play for a longer time. They are fragile and must be han-
dled carefully. Digital recordings have the advantage that
background noise and distortion are virtually eliminated.
The sound quality of DATs is often compared to being
present in the concert hall.
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Capstan—A rotating metal rod, driven by an elec-
tric motor, that pulls the cassette tape along at
constant speed.

Digital audio tape (DAT)—A high fidelity technol-
ogy developed in the 1990s, where information is
stored on magnetic tape in binary code.

Electromagnet—A coil of wire surrounding an
iron core that becomes magnetized when electric
current flows through the wire.

Erase head—An electromagnet operating at an ul-
trasonic frequency to scramble previously record-
ed information on a tape.

Iron oxide—Tiny, needle-shaped particles that can
be easily magnetized, coating one side of the
plastic cassette tape.

Playback head—A small coil that senses the vary-
ing magnetic field of the moving tape and converts
it into an electrical signal that can be amplified.

Recording head—An electromagnet that aligns
the magnetic particles of the cassette tape while it
moves by.
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Magnetic resonance imaging
(MRI)

Magnetic resonance imaging (MRI) is a medical
technique which utilizes a magnetic field and the natural
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Magnetic resonance imaging (MRI)

An example of a magnetic resonance imaging system (MRI). Photograph by Mason Morfit. FPG International Corp. Reproduced
by permission.

resonance of atoms to provide an image of human
tissue. While the foundation for its development first
took place in the late 1930s, it was not until the late
1960s that it was used by doctors to view the inner work-
ings of the human body.

The development of MRI began in the early 1900s
with discoveries made in nuclear magnetic resonance
(NMR). During this time, scientists were just starting to
develop theories about the structure of atoms and the na-
ture of visible and ultraviolet light. NMR was discovered
to be related to the magnetic properties of an atom’s nu-
cleus. It is a phenomenon in which atomic nuclei absorb
and emit radio waves when placed in a large magnetic
field. These properties were first demonstrated in 1924 by
the Austrian physicist Wolfgang Pauli (1900-1958).

In 1938, the first instrument to utilize an atom’s nu-
clear magnetic resonance for analysis was developed.
This device was able to provide data related to the mag-
netic properties of certain substances. However, this
crude instrument had two major drawbacks including its
ability to only analyze gaseous materials and its inability
to provide direct measurements. These limitations were
overcome in 1945 when two groups led by two scientists
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Felix Bloch and Edward M. Purcell independently devel-
oped improved NMR devices. These new devices were
more useful than the first NMR, providing researchers
with the ability to collect data on many different types of
systems. After some technological improvements scien-
tists were able to use this technology to investigate bio-
logical tissues in the mid-1960s.

The application of NMR to medicine soon followed.
Scientists discovered that different types of tissue gave
different magnetic signals. One of the first applications of
NMR was using it to distinguish between normal and can-
cerous tissue. This was done by Raymond Damadian
(1936-) in 1971. Later experiments showed that many dif-
ferent body tissues could be distinguished by NMR scans.
In 1973, NMR data was integrated with computer calcula-
tions of tomography and the first magnetic resonance
image (MRI) was produced. To test this new method, a de-
vice was designed to study a living mouse. While it took
more than an hour to scan, an image of the mouse’s inter-
nal organs was obtained. Human imaging followed a few
years later. The first commercial MRI scanners were sold
around 1981. Since then, various technological improve-
ments have been made which helped reduce the scanning
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time required and improve the resolution of the images.
Most notable improvements have been made in the three-
dimensional application of MRI.

Modern MRI devices are used frequently by doctors
to produce images of the interior tissues of their patients.
First the patient is put on a flat bed device which is sur-
rounded by several coils which can produce a strong con-
stant magnetic field. A known radiofrequency (RF) signal
is then applied to the system causing certain atoms within
the patient to resonate. When the RF signal is stopped, the
atoms continue to resonate for a short time. Eventually,
when the resonating atoms return to their natural state
they emit their own RF signal which is received by detec-
tors on the MRI. The signals are then processed through a
computer and converted into a visual image of the patient.

The signals that are emitted from the body are pro-
duced by protons within the body. In a typical MRI scan
these signals come from hydrogen atoms in the body.
The first magnetic resonance images were constructed
solely on the concentration of protons within a given tis-
sue. However, these images were fuzzy and did not have
good resolution. When the relaxation time, which is the
time it takes for the protons to emit their signals, was in-
cluded in the calculations of the scan, MRI became much
more useful for constructing an internal image of the
body. In all body tissues, there are two types of relaxation
times, T1 and T2, that can be detected. The different
types of tissues exhibit different T1 and T2 values. For
example the brain tissue has a different T1 and T2 value
than blood. By using the three variables, proton density,
T1 and T2 values, a clear image can be constructed.

MRI is now used for a variety of applications. It is
used by far the most for creating images of the human
brain. It is particularly useful for this purpose because
the soft tissue emits a distinct signal making it easy to
distinguish between healthy tissue and lesions. In addi-
tion to structural information, MRI also allows scientists
to study brain function. This type of imaging is based on
the fact that during brain activity the rate of blood flow
changes. When the scans are taken with sufficient speed
the blood can actually be seen moving through the
organ. This has important consequences for studying the
various parts of the brain. Another application for MRI is
in sports medicine where it is used for muscular skeletal
imaging. Using MRI, injuries to the ligaments and carti-
lage in the joints of the knees, wrists, and shoulder can
be readily seen. This technique has eliminated the need
for traditional invasive surgeries. A developing use for
MRI is in tracking chemical components in the body. In
these scans a person is injected with a compound con-
taining molecules such as carbon 13 or phosphorus 31.
These atoms produce distinguishable signals so they can
be easily tracked in the body.
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Magnetism

Magnetism is a force generated in matter by the
motion of electrons within its atoms. Magnetism and
electricity represent different aspects of the force of
electromagnetism, which is one part of Nature’s funda-
mental electroweak force. The region in space that is
penetrated by the imaginary lines of magnetic force de-
scribes a magnetic field. The strength of the magnetic
field is determined by the number of lines of force per
unit area of space. Magnetic fields are created on a large
scale either by the passage of an electric current
through magnetic metals or by magnetized materials
called magnets. The elemental metals—iron, cobalt,
nickel, and their solid solutions or alloys with related
metallic elements—are typical materials that respond
strongly to magnetic fields. Unlike the all-pervasive fun-
damental force field of gravity, the magnetic force field
within a magnetized body, such as a bar magnet, is po-
larized—that is the field is strongest and of opposite
signs at the two extremities or poles of the magnet.

History of magnetism

The history of magnetism dates back to earlier than
600 B.C., but it is only in the twentieth century that scien-
tists have begun to understand it, and develop technolo-
gies based on this understanding. Magnetism was most
probably first observed in a form of the mineral mag-
netite called lodestone, which consists of iron oxide-a
chemical compound of iron and oxygen. The ancient
Greeks were the first known to have used this mineral,
which they called a magnet because of its ability to at-
tract other pieces of the same material and iron.

The Englishman William Gilbert (1540-1603) was
the first to investigate the phenomenon of magnetism sys-
tematically using scientific methods. He also discovered
that Earth is itself a weak magnet. Early theoretical inves-
tigations into the nature of Earth’s magnetism were car-
ried out by the German Carl Friedrich Gauss (1777-1855).
Quantitative studies of magnetic phenomena initiated in
the eighteenth century by Frenchman Charles Coulomb
(1736-1806), who established the inverse square law of
force, which states that the attractive force between two
magnetized objects is directly proportional to the product
of their individual fields and inversely proportional to the
square of the distance between them. Danish physicist
Hans Christian Oersted(1777-1851) first suggested a link
between electricity and magnetism. Experiments involv-
ing the effects of magnetic and electric fields on one an-
other were then conducted by Frenchman Andre Marie
Ampere (1775-1836) and Englishman Michael Faraday
(1791-1869), but it was the Scotsman, James Clerk
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Magnetism

Maxwell (1831-1879), who provided the theoretical foun-
dation to the physics of electromagnetism in the nine-
teenth century by showing that electricity and magnetism
represent different aspects of the same fundamental force
field. Then, in the late 1960s American Steven Weinberg
(1933-) and Pakistani Abdus Salam (1926-96), performed
yet another act of theoretical synthesis of the fundamental
forces by showing that electromagnetism is one part of the
electroweak force. The modern understanding of magnetic
phenomena in condensed matter originates from the work
of two Frenchmen: Pierre Curie (1859-1906), the husband
and scientific collaborator of Madame Marie Curie (1867-
1934), and Pierre Weiss (1865-1940). Curie examined the
effect of temperature on magnetic materials and ob-
served that magnetism disappeared suddenly above a cer-
tain critical temperature in materials like iron. Weiss pro-
posed a theory of magnetism based on an internal molecu-
lar field proportional to the average magnetization that
spontaneously align the electronic micromagnets in mag-
netic matter. The present day understanding of magnetism
based on the theory of the motion and interactions of elec-
trons in atoms (called quantum electrodynamics) stems
from the work and theoretical models of two Germans,
Ernest Ising and Werner Heisenberg (1901-1976). Werner
Heisenberg was also one of the founding fathers of mod-
ermn quantum mechanics.

Origin of magnetism

Magnetism arises from two types of motions of
electrons in atoms—one is the motion of the electrons in
an orbit around the nucleus, similar to the motion of the
planets in our solar system around the sun, and the other
is the spin of the electrons around its axis, analogous to
the rotation of Earth about its own axis. The orbital and
the spin motion independently impart a magnetic mo-
ment on each electron causing each of them to behave as
a tiny magnet. The magnetic moment of a magnet is de-
fined by the rotational force experienced by it in a mag-
netic field of unit strength acting perpendicular to its
magnetic axis. In a large fraction of the elements, the
magnetic moment of the electrons cancel out because of
the Pauli exclusion principle, which states that each
electronic orbit can be occupied by only two electrons of
opposite spin. However, a number of so-called transition
metal atoms, such as iron, cobalt, and nickel, have mag-
netic moments that are not cancelled; these elements are,
therefore, common examples of magnetic materials. In
these transition metal elements the magnetic moment
arises only from the spin of the electrons. In the rare
earth elements (that begin with lanthanum in the sixth
row of the periodic table of elements), however, the ef-
fect of the orbital motion of the electrons is not can-
celled, and hence both spin and orbital motion contribute
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to the magnetic moment. Examples of some magnetic
rare earth elements are: cerium, neodymium, samarium,
and europium. In addition to metals and alloys of transi-
tion and rare earth elements, magnetic moments are also
observed in a wide variety of chemical compounds in-
volving these elements. Among the common magnetic
compounds are the metal oxides, which are chemically
bonded compositions of metals with oxygen.

Earth’s geomagnetic field is the result of electric cur-
rents produced by the slow convective motion of its liquid
core in accordance with a basic law of electromagnetism
which states that a magnetic field is generated by the pas-
sage of an electric current. According to this model,
Earth’s core should be electrically conductive enough to
allow generation and transport of an electric current. The
geomagnetic field generated will be dipolar in character,
similar to the magnetic field in a conventional magnet,
with lines of magnetic force lying in approximate planes
passing through the geomagnetic axis. The principle of
the compass needle used by the ancient mariners involves
the alignment of a magnetized needle along Earth’s mag-
netic axis with the imaginary south pole of the needle
pointing towards the magnetic north pole of the earth.
The magnetic north pole of Earth is inclined at an angle
of 11° away from its geographical north pole.

Types of magnetism

Five basic types of magnetism have been observed
and classified on the basis of the magnetic behavior of
materials in response to magnetic fields at different tem-
peratures. These types of magnetism are: ferromagnet-
ism, ferrimagnetism, antiferromagnetism, paramagnet-
ism, and diamagnetism.

Ferromagnetism and ferrimagnetism occur when the
magnetic moments in a magnetic material line up sponta-
neously at a temperature below the so-called Curie tem-
perature, to produce net magnetization. The magnetic
moments are aligned at random at temperatures above
the Curie point, but become ordered, typically in a verti-
cal or, in special cases, in a spiral (helical) array, below
this temperature. In a ferromagnet, magnetic moments of
equal magnitude arrange themselves in parallel to each
other. In a ferrimagnet, on the other hand, the moments
are unequal in magnitude and order in an antiparallel
arrangement. When the moments are equal in magnitude
and ordering occurs at a temperature called the Neel tem-
perature in an antiparallel array to give no net magnetiza-
tion, the phenomenon is referred to as antiferromagnet-
ism. These transitions from disorder to order represent
classic examples of phase transitions. Another example of
a phase transition is the freezing of the disordered mole-
cules of water at a critical temperature of 32°F (0°C) to
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form the ordered structure of ice. The magnetic mo-
ments—referred to as spins—are localized on the tiny
electronic magnets within the atoms of the solid. Mathe-
matically, the electronic spins are equal to the angular
momentum (the rotational velocity times the moment of
inertia) of the rotating electrons. The spins in a ferromag-
netic or a ferrimagnetic single crystal undergo sponta-
neous alignment to form a macroscopic (large scale)
magnetized object. Most magnetic solids, however, are
not single crystals, but consist of single crystal domains
separated by domain walls. The spins align within a do-
main below the Curie temperature, independently of any
external magnetic field, but the domains have to be
aligned in a magnetic field in order to produce a macro-
scopic magnetized object. This process is effected by the
rotation of the direction of the spins in the domain wall
under the influence of the magnetic field, resulting in a
displacement of the wall and the eventual creation of a
single large domain with the same spin orientation.

Paramagnetism is a weak form of magnetism ob-
served in substances which display a positive response to
an applied magnetic field. This response is described by
its magnetic susceptibility per unit volume, which is a di-
mensionless quantity defined by the ratio of the magnetic
moment to the magnetic field intensity. Paramagnetism is
observed, for example, in atoms and molecules with an
odd number of electrons, since here the net magnetic mo-
ment cannot be zero. Diamagnetism is associated with
materials that have a negative magnetic susceptibility. It
occurs in nonmagnetic substances like graphite, copper,
silver and gold, and in the superconducting state of certain
elemental and compound metals. The negative magnetic
susceptibility in these materials is the result of a current
induced in the electron orbits of the atoms by the applied
magnetic field. The electron current then induces a mag-
netic moment of opposite sign to that of the applied field.
The net result of these interactions is that the material is
shielded from penetration by the applied magnetic field.

Measurement of magnetic field

The magnetic field or flux density is measured in
metric units of a gauss (G) and the corresponding inter-
national system unit of a tesla (T). The magnetic field
strength is measured in metric units of oersteds (Oe) and
international units of amperes per meter (A/m). Instru-
ments called gaussmeters and magnetometers are used to
measure the magnitude of magnetic fields.

One form of the gaussmeter that is used commonly
in the laboratory consists of a current carrying semicon-
ducting element called the Hall probe, which is placed
perpendicular to the magnetic field being measured. As a
consequence of the so-called Hall effect, a voltage per-

GALE ENCYCLOPEDIA OF SCIENCE 3

A computer graphic of a horseshoe magnet with iron filings
aligned around it. Photograph by Alfred Pasieka. Science
Photo Library, National Audubon Society Collection/Photo Re-
searchers, Inc. Reproduced by permission.

pendicular to the field and to the current is generated in
the probe. This induced voltage is proportional to the
magnetic field being measured and can be simply mea-
sured using a voltmeter.

Magnetometers are extremely sensitive magnetic
field detectors. In one commonly used form the magnetic
force is detected by means of a sensitive electronic bal-
ance. In this instrument the magnetic substance is placed
on one arm of a balance, which in turn is placed in a
magnetic field. The magnetic force on the sample is then
determined by the weight required to balance the force
generated by the magnetic field. The most sensitive mag-
netometer in a modern physics laboratory utilizes a mag-
netic sensing element called the SQUID (which stands
for Superconducting QUantum Interference Device). A
SQUID consists of an extremely thin electrically resis-
tive junction (called a Josephson junction) between two
superconductors. Superconductors are materials which
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undergo a transition at low temperatures to a state of
zero electrical resistance and nearly complete exclusion
of magnetic fields. In its direct current mode of opera-
tion, a SQUID is first cooled down to its superconduct-
ing state, and then a current is passed through it while
the voltage across the junction is monitored. When the
junction senses a magnetic field, the flow of current is al-
tered due to an interference phenomenon at the quantum
level between two electron wave fronts through the junc-
tion, resulting in a change in voltage. Interference is a
phenomenon that occurs generally due to the mixing of
two wave fronts; the waves add up in some regions and
cancel out in others depending on the location of the
crest and trough of each wave in space. For example, the
interference between the sound waves from two simulta-
neously played musical instruments tuned at somewhat
different frequencies results in the occurrence of beats or
modulations in the sound intensity.

A variation of the SQUID magnetometer is the SQUID
gradiometer which measures differences in magnetic fields
at different positions. Using this type of instrument magnet-
ic field variations in the femtotesla (10" tesla) range can be
detected. Devices of this type have been used to map the
tiny magnetic signals from the human brain.

Applications of magnetism

Electromagnets are utilized as key components of
transformers in power supplies that convert electrical en-
ergy from a wall outlet into direct current energy for a
wide range of electronic devices, and in motors and gen-
erators. High field superconducting magnets (where su-
perconducting coils generate the magnetic field) provide
the magnetic field in MRI (magnetic resonance imag-
ing) devices that are now used extensively in hospitals
and medical centers.

Magnetic materials that are difficult to demagnetize
are used to construct permanent magnets. Permanent
magnet applications are in loudspeakers, earphones, elec-
tric meters, and small motors. A loudspeaker consists of a
wire carrying an alternating current. When the wire is in
the magnetic field of the permanent magnet it experiences
a force that generates a sound wave by alternate compres-
sion and rarefaction of the surrounding air when the alter-
nating frequency of the current is in the audible range.

The more esoteric applications of magnetism are in
the area of magnetic recording and storage devices in com-
puters, and in audio and video systems. Magnetic storage
devices work on the principle of two stable magnetic states
represented by the 0 and 1 in the binary number system.
Floppy disks have dozens of tracks on which data can be
digitally written in or stored by means of a write-head and
then accessed or read by means of a read-head. A write-
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KEY TERMS
Curie temperature—The temperature at which
magnetic domains become randomized.

Diamagnetism—The negative response of matter
to an applied magnetic field that prevents the pen-
etration of the field into its interior.

Electromagnetism—The unified electrical and
magnetic field of force generated by the passage
of an electric current through matter.

Ferrimagnetism—A strong form of magnetism that
occurs with antiparallel alignment of unequal
magnetic spins.

Ferromagnetism—A strong form of magnetism
that occurs with the parallel alignment of equal
magnetic spins.

Geomagnetism—The magnetism displayed by the
earth that is probably caused by the electric fields
generated in its central liquid core by its rotation.

Magnetic susceptibility—The response of a sys-
tem to an applied magnetic field; it is a dimen-
sionless quantity that is equal to the ratio of the
magnetic moment to the applied field intensity.

Magnetometer—Instrument used to detect and
measure magnetic field strengths.

Phase transition—The phenomenon of a re-
versible transformation of one state to another
state of matter.

Spin—The magnetic moment or angular momen-
tum due to the rotation of electrons.

head provides a strong local magnetic field to the region
through which the storage track of the disk is passed. The
read-head senses stray magnetic flux from the storage track
of the disk as it passes over the head. Another example of
digital magnetic storage and reading is the magnetic strip
on the back of plastic debit and credit cards. The magnetic
strip contains identification data which can be accessed
through, for example, an automatic teller machine.

Some current research trends in magnetism

Ideally pure magnetic systems have provided the
most extensively investigated models of the large scale
collective behavior of atoms and electrons that occur in
the vicinity of the critical point of phase transitions. More
recent studies have unearthed fascinating effects caused
by the intentional introduction of impurities and defects
into random locations in the atomic lattice of a magnetic
material. For example, these random magnetic systems
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display transitions to states of order that have no counter-
parts in pure systems, because pure systems are, by neces-
sity, always close to thermodynamic equilibrium or stabil-
ity. For these reasons there is now intense interest and re-
search activity in disordered systems, and random mag-
nets provide ideal model systems for such investigations.

An area of intense current activity centers around
the search for a likely magnetic pairing force in the high
temperature ceramic superconductors that were discov-
ered in 1987 by the German-Swiss team of Georg Bed-
norz and Karl Alexander Muller. A superconductor
achieves a zero resistance state by means of a force field
that pairs up the conducting electrons within its atoms.
The new ceramic materials are antiferromagnets in their
undoped state, but on doping start to superconduct at
temperatures that are over 182°F (83°C) warmer than
conventional pure metal and alloy superconductors.

The effects of extremely high magnetic fields on the
properties of condensed matter continues to be an area of
high interest. New research areas, such as the search and
study of magnetism in organic matter, and the study of
diamagnetism and novel magnetic effects in the recently
synthesized nanometer-sized (a nanometer is equal to 10
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meter) carbon tubes, are of increasing interest to physi-
cists and material scientists.
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Chikazumi, S. Physics of Magnetism. New York: John Wiley &
Sons, Ltd., 1984.

Newton, R.G. What Makes Nature Tick? Cambridge: Harvard
University Press, 1993.
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Clarke, J. “SQUIDs.” Scientific American (August, 1994): 46-53.

Cox, D.L. and M.B. Maple. “Electronic Pairing in Exotic Su-
perconductors.” Physics Today (1995): 32-40.

”Materials Science in High Magnetic Fields.” Materials Re-
search Society Bulletin 27 (1993).

Zafar Igbal

Magnetosphere

The magnetosphere is a comet-shaped region of
Earth’s outer atmosphere in which the behavior of

Magnetosheath

Magnetopause

(Limit of the Earth's magnetic field)

Earth’s magnetosphere. lllustration by Hans & Cassidy. Courtesy of Gale Group.
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charged particles is strongly influenced by magnetic and
ionic phenomena. The term was first introduced by the
British astronomer Thomas Gold in 1959 although spec-
ulation about the existence of such a region goes back to
the early 1930s in the studies of Sydney Chapman and
V.C.A. Ferraro.

The magnetosphere exists because of the interaction
between Earth’s own magnetic field and the solar wind,
a rapidly moving plasma consisting of protons and elec-
trons expelled from the sun’s surface. The magnetos-
phere’s distinctive shape is a consequence of the fact that
the solar wind is deflected by Earth’s magnetic field in
a manner somewhat similar to the way in which a rock
deflects the flow of a stream of water.

The forward (sun-facing) edge of the magnetos-
phere is located at a distance of about ten Earth radii
(about 40,365 mi/65,000 km) from the Earth’s surface.
At this distance, the pressure of particles escaping from
Earth’s atmosphere is equal to the pressure of the solar
wind. An equilibrium layer with a thickness of about 62
mi (100 km) in this region is known as the magne-
topause. The magnetopause completely surrounds the
magnetosphere like a thin envelope. Forward of the
magnetopause in the direction of the Sun is the magne-
tosheath, a region in which Earth’s magnetic field is
highly turbulent.

The magnetosphere extends much farther from
Earth on the side away from the Sun (the “night” side)
because both the solar wind and particles escaping from
Earth’s atmosphere are moving in the same direction. It
appears that the magnetopause in this direction may be
located at a distance of a few thousand Earth radii.

The internal structure of the magnetopause is highly
complex. The reason for this complexity is that three dis-
tinct factors—the solar wind, Earth’s magnetic field, and
the Sun’s magnetic field—are constantly interacting with
each other. This interaction causes the development of
distinct regions within the magnetosphere. For example,
the night side of the magnetosphere appears to be subdi-
vided into two regions by a thin layer of plasma called
the plasma sheet.

Certain familiar astronomical phenomena are related
to the magnetosphere. For example, particles excited by
the interaction between the solar wind and the magnetos-
phere may eventually collide with and ionize particles in
the upper atmosphere. When these ionized particles re-
turn to their ground state, they give off energy that may
appear in the form of auroras (aurora borealis or aurora
australis).

Magnitude see Astronomy
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Magnolia

Magnolias are species of trees and woody shrubs
that comprise the family Magnoliaceae. This is an an-
cient and relatively primitive group of dicotyledonous
plants with fossil materials known from as early as the
Upper Cretaceous. The magnolia family contains about
220 species in 12 genera, including the true magnolias
(Magnolia spp.), with about 100 species.

Magnolias have seasonally deciduous or evergreen,
oval-shaped, toothless leaves, arranged alternately on
their twigs and branches. The flowers are bisexual, con-
taining both male and female elements with three or
more sepals and six or more showy petals. There are nu-
merous stamens, arranged in a spiral fashion on the
lower part of the elongate floral axis with numerous pis-
tils spirally arranged above. The fruits are numerous,
bright red or brown, and they hang with thread-like at-
tachments from a semi-woody, cone-like structure de-
rived from the floral axis.

Magnolias occur in warm-temperate and subtropical
climates of the Northern Hemisphere, particularly in south-
eastern North America and most diversely, eastern Asia.

The most widespread, tree-sized species in eastern
North America is the cucumber tree (Magnolia acumi-
nata) with greenish flower petals and extending over
much of the eastern United States and extreme southern
Ontario. The southern magnolia (M. grandiflora), sweet-
bay (M. virginiana), and umbrella magnolia (M. tripeta-
la) are more southern in their distributions and have
white-petalled flowers. Species with relatively restricted
southern distributions include the big-leaf magnolia (M.
macrophylla), Ashe magnolia (M. ashei), Fraser magno-
lia (M. fraseri), and pyramid magnolia (M. pyramidata).

Magnolias are often cultivated as attractive trees and
shrubs around homes and in parks. The native species
most commonly used in horticulture is Magnolia grandi-
flora, which is one of the famous shade trees of the south-
eastern United States. Although it is a less showy species
than the southern magnolia, Magnolia acuminata is also
commonly planted, especially in more northern regions.
Asiatic species that commonly occur in horticulture in-
clude the star magnolia (Magnolia stellata), kobus mag-
nolia (M. kobus), and saucer magnolia (M. soulangeana).

The tulip-tree (Liriodendron tulipifera) is another
member of the magnolia family with a relatively wide
distribution in southeastern North America. This species
is commercially important for its straight, clear lumber,
and as an ornamental tree.

Bill Freedman
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Mahogany

Mahogany (Swietenia mahogani) is a member of the
family Meliaceae, which contains about 500 other
species of trees and shrubs native to tropical forests in
the Americas, Africa, and Asia. Other common names
for this species are the Spanish or West Indies mahogany.
Various other species of trees have also been given the
name mahogany, but the true mahogany is Swietenia ma-
hogani. Mahogany is one of the most valuable of the
tropical hardwoods because of its desirable qualities for
the crafting of fine furniture.

Mahogany is native to humid tropical forests of the
West Indies, Mexico, and Central America. Until rather
recently, mahogany was especially abundant in forests in
Honduras. However, the quantity of mahogany has been
greatly reduced throughout its range by extensive log-
ging. Although much reduced in abundance, mahogany
is not yet considered an endangered species.

Mahogany is also indigenous to extreme southern
Florida, where it occurs in some of the hardwood “is-
lands” in the sawgrass wetlands of Everglades National
Park, known locally as hammocks. However, mahogany
reaches the northern limits of its range in southern Flori-
da, and is rather sparse in that region. Because of its
great value as lumber, mahogany has also been planted
in suitable tropical climates beyond its native range.

Biology of mahogany

Mahogany grows as tall as about 66-98 ft (20-30 m),
and can achieve a diameter of more than 24 in (60 cm),
exclusive of the large, basal buttresses the tree usually
develops. Mahogany is a slow-growing tree, and it usual-
ly occurs in older, closed forests.

The wood of mahogany is very hard, heavy, and
strong, and has a rich, red-brown color, with an attrac-
tive, crooked grain. Mahogany wood is among the
world’s most prized and hardest-wearing timbers, and is
principally used to manufacture fine furniture. The bark
of mahogany is a dark brown color and rather scaly.

The dark-green colored leaves of mahogany are
arranged in an alternate fashion on the twigs. Mahogany
leaves are compound, meaning six to eight oval-shaped,
leathery leaflets arise from a single petiole. The entire
leaf has a length of 4-7 in (10-18 cm). Mahogany leaves
are evergreen, that is, they are not shed all at once at
some particular season.

The flowers of mahogany are small, only about 0.1
in (2-3 mm) in diameter, with five greenish or whitish
petals, and occurring in open clusters as a loose inflores-
cence. The flowers secrete nectar, and are pollinated by
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insects. The fruits of mahogany are a reddish-brown
capsule, which when ripe, split along five seams to shed
the 0.8 in (2 cm) long seeds.

Uses of mahogany

The wood of mahogany is one of the most outstand-
ing materials for the manufacturing of fine furniture.
Mahogany wood is valued because it is durable and can
be carved with intricate details. It has a deep, rich color,
attractive grain, stains beautifully, and glues solidly onto
manufactured products. Mahogany was first imported to
Europe in 1724, and it soon became famous because of
the gracefully ornate furniture that Chippendale, an Eng-
lish cabinet maker, began to make from the wood.

The most valuable raw product produced from ma-
hogany wood is solid lumber, which can then be manu-
factured into expensive furniture and cabinets. However,
solid mahogany is a very expensive material, and is be-
coming increasingly difficult to obtain. As a result, much
mahogany is now used to manufacture a veneer product,
in which a core of inferior wood is covered with a thin
layer of mahogany. This composite material is glued to-
gether, and combines many of the desirable qualities of
mahogany, especially its beautiful grain and color, with
the cost savings associated with the use of other, relative-
ly inexpensive species of trees.

Some related species

Some other species in the family Meliaceae are of
commercial importance as sources of lumber, or as orna-
mental plants in horticulture.

The Spanish or cigar-box cedar (Cedrela odorata)
of Central and South America has a hard, durable, rich-
ly colored wood that is used as a substitute for the true
mahogany in fine cabinetry and furniture, as is the crab-
wood (Carapa guianensis), with a broadly similar range.
The African mahogany (Khaya senegalensis) grows in
tropical forests on the west coast of Africa and is one of
the many African species, including those in the genera
Entandrophragma and Lovoa, which are substituted for
the wood of the true mahogany. Some tropical hard-
woods in other plant families are also used as substitutes
for mahogany, for example, the Columbian mahogany
Cariniana pyriformis, family Lecythidaceae.

The Chinaberry (Melia azedarach) is native to
southern Asia, but is grown as an ornamental plant in
parts of the southern United States. The compound
leaves of the Chinaberry can be longer than 20 in (50
cm), and its purplish flowers are attractive and fragrant.

Species in the genera Azadirachta and Melia are
used to manufacture botanical insecticides. Seeds of the
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KEY TERMS
Buttress—A structure that many trees of humid
tropical forests grow at their base to stabilize the
tree against the swaying forces of the wind. But-
tresses can occur as broadened bases of the trunk,
or as large, vertical projections from the base.

Tropical hardwood—A generic term for a wide
variety of species of tropical, angiosperm trees.
Tropical hardwoods have a heavy, dense wood
that is valuable for the manufacturing of lumber,
or composite materials such as plywood. Ma-
hogany and teak are among the most prized of the
tropical hardwoods.

trees Carapa guianensis and C. moluccensis are used to
manufacture a minor product known as carapa fat, a
thick white or yellow oil used in oil lamps, and some-
times as an insect repellant.

Resources
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Judd, Walter S., Christopher Campbell, Elizabeth A. Kellogg,
Michael J. Donoghue, and Peter Stevens. Plant Systemat-
ics: A Phylogenetic Approach. 2nd ed. with CD-ROM.
Suderland, MD: Sinauer, 2002.

Bill Freedman

Maidenhair fern

These are a group of ferns found in tropical and
warm temperate regions. They are characterized by hav-
ing delicate, fan-shaped fronds, arising from a thin
black midrib, with small green leaflets. Maidenhair fern
belong to the genus Adiantum, and some species are
popular as house plants. In North America there are
three common species, the northern maidenhair fern (A.
pedatum), the southern maidenhair fern (A. capillus-
veneris), and the western maidenhair fern (A. aleu-
ticum). They can grow up to 3 ft (1 m) tall and are gen-
erally found in clumps.

The leaflets are covered in a thick waxy epidermis
with strong water-repellent properties (the Greek transla-
tion of Adiantum means unmoistened). The maidenhair
ferns have been used as ingredients of medicinal sham-
poo, and also as hair restorer. In the sixteenth century
they were also used to relieve asthma, snake bites,
coughs, and as a stimulant.
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The southern maidenhair fern tends to be found on
shady, moist slopes with calcium-rich soil in the South-
eastern and Gulf states and the Rockies as far north as
Utah and west to California. Northern maidenhair fern
occurs most abundantly in Virginia, though scattered col-
lections are known from other coastal areas, as well as
from woodlands within North and South Carolina and
Georgia, and as far north as Ontario. Western maidenhair
is also known as five finger maidenhair, due to the ap-
pearance of the leaves at the ends of the stalks, and it is
native to western North America. Species of maidenhair
ferns can also be found in Europe, around the Mediter-
ranean and in Japan.

The maidenhair tree or ginkgo (Ginkgo biloba) is
said to be named after this group of ferns because of the
similarity of leaf shape. However, the ginkgo is a
conifer tree, and is not related to the maidenhair ferns.

Maize see Grasses

Malaria

Malaria has been described as the world’s greatest
public health problem. It is caused by one of several
strains of the Plasmodium protozoan, a one-celled par-
asite that is transmitted by the bite of the Anopheles
mosquito. Hundreds of millions of persons are struck
by malaria each year, resulting in 1-3 million deaths
annually, primarily in children under five-years-old in
sub-Saharan Africa, where 90% of malaria deaths
occur. Malaria has essentially been eradicated in
North America, Europe, and Russia, although infect-
ed travelers and immigrants can reintroduce the dis-
ease if bitten by an infected mosquito. Malaria is on
the increase worldwide and presents a major burden
for tropical communities and travelers, particularly in
areas where the parasite has evolved resistance to the
drugs used to treat it.

Life cycle

Alphonse Laveran, a French Army physician work-
ing in North Africa in the 1880s, was the first to observe
malarial parasites in human blood. Their mode of trans-
mission was not understood, however, until Ronald Ross,
a British medical officer in India, found the organisms
within the bodies of Anopheles mosquitoes. Malaria is
caused by four species of parasitic protozoa: Plasmodi-
um vivax, P. ovale, P. malariae, and P. falciparum. These
organisms have complex life cycles involving several
different developmental stages in both human and mos-
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quito hosts. Present as infective sporozoites in the sali-
vary glands of the mosquito, they are transferred by the
mosquito’s bite to the human blood stream, where they
travel to the liver. There, each sporozoite divides into
thousands of merozoites, which emerge into the blood
once again and begin invading the host’s red blood cells.
This event triggers the onset of disease symptoms, as the
merozoites consume proteins necessary for proper red
blood cell function, including hemoglobin. The mero-
zoites mature into the trophozoite phase and reproduce
by division. As a result, many more merozoites are re-
leased into the blood when the host cell finally ruptures.
In P. vivax and P. ovale infection, some sporozoites may
delay their development in the liver, lingering in a dor-
mant phase, but emerging later and causing the charac-
teristic recurrence of symptoms.

The cycle of red blood cell invasion and parasite
multiplication repeats itself many times during a bout of
malaria. If the affected person is bitten by a mosquito,
the insect takes up merozoites, which reproduce sexually
within its gut. The cycle completes itself as the larval
parasites pass through the gut wall and make their way to
the mosquito’s salivary glands, from whence they may
again be transferred to a human host as sporozoites.

Symptoms

Malaria is easily misdiagnosed because it resembles
many other diseases. Early symptoms include malaise,
fatigue, headache, nausea and vomiting, and muscular
aches; after several hours, the characteristic high fever
and chills occur. The body’s principal defenses are fever
and filtration of infected red blood cells in the spleen.
Neither of these mechanisms, however, is completely ef-
fective in ridding the body of the parasite.

P. falciparum is the most dangerous of the four
malaria strains, and can kill a healthy adult in 48 hours.
This type is so dangerous because the parasitized red
blood cells become sequestered in the deep vascular
beds of the brain—hence the term “cerebral malaria” for
infection with this strain. Sequestration happens because
parasite-derived proteins on the surface of infected red
blood cells cause them to stick to each other and to the
cells lining the host’s venules and capillaries (two types
of small blood vessel), especially in the brain and heart.
This has the effect of keeping the parasite away from the
host’s natural defense system. It also means that the
progress of the disease can be hidden from a health prac-
titioner who draws blood from a peripheral body region
(for example, the arm); such blood will not reveal the
true extent of the infection. Delirium, convulsions, and
coma are features of falciparum malaria, which is asso-
ciated with a 20% mortality rate in adults.
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Treatment and control

A connection between swampy areas and fever was
made centuries ago, and the word malaria reflects the
popular belief that the illness was caused by bad air (Ital-
ian, mal aria). During the sixteenth century, people dis-
covered that the disease could be treated using quinine,
a compound derived from the bark of the tropical Cin-
chona tree. No vaccine for malaria has yet been devel-
oped, although preliminary trials for an initial vaccine
were scheduled to begin in malaria-endemic areas in late
2003. Currently, the synthetic agent chloroquine is the
most widely used antimalarial drug; it can clear nonre-
sistant parasites from the blood in two to three days.

Chloroquine is often combined with the drug pri-
maquine for malaria prophylaxis—that is, as protection
for people who are at risk of becoming infected while
visiting in malarial regions. Chloroquine attacks parasites
that are circulating in the blood; primaquine is necessary
to eradicate dormant parasites from the liver. Malaria pro-
phylaxis begins one week before entering a malarial area
and continues for several weeks after returning to unaf-
fected areas, because of the complex nature of the para-
site’s life cycle and the potential for relapse.

Unfortunately, many persons experience extreme
side effects from antimalarial medications. Further,
chloroquine-resistant strains of falciparum malaria are
on the increase worldwide. For this resistant parasite, the
drug mefloquine is the preferred method of prophylaxis
and treatment, although resistance to this drug may
emerge rapidly, and resistant strains have been found in
areas where the drug has never been used.

Efforts at preventing the disease have been directed
at draining swampy areas and spraying for mosquitoes in
areas where they breed. A DDT-spraying campaign un-
dertaken in India was effective for several years, until the
mosquitoes evolved resistance to the insecticide used
against them and rebounded with a vengeance. (Further,
the use of DDT is problematic as it has numerous envi-
ronmental side effects; its use, though not its manufac-
ture, is banned in the U.S.) Avoiding being bitten may be
the best defense, and people in malarial areas are advised
to avoid the outdoors during peak mosquito feeding
times (dusk and dawn), to use window screens, and to
sleep under nets treated with insecticide. However, there
are millions of persons in malaria-infested regions who
are too poor even to acquire window screens or netting.

In areas where malaria is endemic and ever-present,
many individuals appear to be immune to the disease. In
some populations, including those of India, Latin Ameri-
ca, southern Europe, and especially Africa, the gene caus-
ing sickle-cell anemia is present. This gene is directly
connected with malaria immunity: a person possessing
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KEY TERMS
Antigen—A molecule, usually a protein, that the
body identifies as foreign and toward which it di-
rects an immune response.

Merozoite—The motile, infective stage of malaria,
responsible for disease symptoms.

Parasite—An organism that lives on or within a
host organism to the detriment of the host.

Protozoan—M icroscopic, single-celled, eukaryot-
ic organism, classified in the kingdom Protista.

Sporozoite—Developmental stage of the malaria
protozoan during which it is transferred from mos-
quito to human host.

Trophozoite—The amoeboid, vegetative stage of
the malaria protozoa.

one copy of the sickle-cell gene will be malaria-resistant,
while a person possessing two copies of the gene will be
both malaria-resistant and sickle-cell anemic. Further,
even among persons who do not have the sickle-cell gene
at all, not all infected individuals have symptoms; many
individuals will host parasites within their bodies for
months and years without showing symptoms. This sug-
gests that a vaccine could be developed, if the mechanism
of host immunity could be identified. Thus far, however,
the complexity of the immune response and the diversity
of the parasite’s evasive mechanisms have prevented re-
searchers from clinically assessing immunity. Evidently,
each of the protozoan’s developmental stages bears dif-
ferent antigens (the molecules that trigger the develop-
ment of immunity in the host). What is more, these fac-
tors are different for each of the four strains of the para-
site. This explains why no individual is known to be im-
mune to all four malarial strains.

The fact that Europe and North America have not
been afflicted by malaria since the early twentieth century
has meant that for decades, relatively little research was
done on malaria vaccines, new malarial drugs, or special-
ized insecticides. Of the 1,223 new drugs developed from
1975 to 1996, only three were antimalarials. However,
first-world funding for malaria research has increased
dramatically since the mid-1990s, and in 2002, re-
searchers announced that they had completely character-
ized the genomes of the Plasmodium falciparum parasite
and its vector (means of transmission), the Anopheles
gambiae mosquito. It is hoped that this knowledge will
increase understanding of parasite-host and parasite-vec-
tor relationships, symptom causation, and drug responses,
and will accelerate vaccine development and suggest pos-
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sibilities for new drugs. For instance, researchers may de-
sign drugs targeted to blocking the function specific
genes essential to the survival of the parasite.

See also Tropical diseases.
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Malnutrition

Malnutrition is the condition that develops when the
body does not get the right amount of the vitamins, min-
erals, and other nutrients it needs to maintain healthy
tissues and organ function.

Malnutrition occurs in people who are either under-
nourished or over-nourished. Undernutrition is a conse-
quence of consuming too few essential nutrients or using
or excreting them more rapidly than they can be replaced.

Infants, young children, and teenagers need addi-
tional nutrients. So do women who are pregnant or
breast-feeding. Nutrient loss can be accelerated by diar-
rhea, excessive sweating, heavy bleeding (hemorrhage),
or kidney failure. Nutrient intake can be restricted by
age-related illnesses and conditions, excessive dieting,
severe injury, serious illness, a lengthy hospitalization, or
substance abuse.

The leading cause of death in children in developing
countries is protein-energy malnutrition. This type of
malnutrition is the result of inadequate intake of calories
from proteins, vitamins, and minerals. Children who are
already undernourished can suffer from protein-energy
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malnutrition when rapid growth, infection, or disease in-
creases the need for protein and essential minerals.

Overnutrition

In the United States, nutritional deficiencies have
generally been replaced by dietary imbalances or excess-
es associated with many of the leading causes of death
and disability. Overnutrition results from eating too
much, eating too many of the wrong things, not exercis-
ing enough, or taking too many vitamins or other dietary
replacements.

Risk of overnutrition is also increased by being
more than 20% overweight, consuming a diet high in fat
and salt, and taking high doses of:

e nicotinic acid (niacin) to lower elevated cholesterol
levels

« vitamin By to relieve premenstrual syndrome
* vitamin A to clear up skin problems
« iron or other trace minerals not prescribed by a doctor

Nutritional disorders can affect any system in the
body and the senses of sight, taste, and smell. Malnutri-
tion begins with changes in nutrient levels in blood and
tissues. Alterations in enzyme levels, tissue abnormali-
ties, and organ malfunction may be followed by illness
and death.

Causes and symptoms

Poverty and lack of food are the primary reasons
why malnutrition occurs in the United States. Ten per-
cent of all members of low income households do not al-
ways have enough healthful food to eat, and malnutrition
affects one in four elderly Americans. Protein-energy
malnutrition occurs in 50% of surgical patients and in
48% of all other hospital patients.

There is an increased risk of malnutrition associated
with chronic diseases, especially disease of the intestinal
tract, kidneys, and liver. Patients with chronic diseases
like cancer, AIDS, and intestinal disorders may lose
weight rapidly and become susceptible to undernourish-
ment because they cannot absorb valuable vitamins,
calories, and iron.

People with drug or alcohol dependencies are also
at increased risk of malnutrition. These people tend to
maintain inadequate diets for long periods of time and
their ability to absorb nutrients is impaired by the alco-
hol or drug’s affect on body tissues, particularly the liver,
pancreas, and brain.

Unintentionally losing 10 1b (4.5 kg) or more may
be a sign of malnutrition. People who are malnourished
may be skinny or bloated. Their skin is pale, thick, dry,
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and bruises easily. Rashes and changes in pigmentation
are common.

Hair is thin, tightly curled, and pulls out easily.
Joints ache and bones are soft and tender. The gums
bleed. The tongue may be swollen or shriveled and
cracked. Visual disturbances include night blindness and
increased sensitivity to light and glare.

Other symptoms of malnutrition include:

e anemia

* diarrhea

« disorientation

« goiter (enlarged thyroid gland)

* loss of reflexes and lack of coordination
 muscle twitches

» scaling and cracking of the lips and mouth

Malnourished children may be short for their age,
thin, listless, and have weakened immune systems.

Diagnosis

Overall appearance, behavior, body-fat distribution,
and organ function can alert a family physician, internist,
or nutrition specialist to the presence of malnutrition.
Patients may be asked to record what they eat during a
specific period. X rays can determine bone density and
reveal gastrointestinal disturbances, and heart and lung
damage.

Blood and urine tests are used to measure levels of
vitamins, minerals, and waste products. Nutritional sta-
tus can also be determined by:

» Comparing a patient’s weight to standardized charts.

* Calculating body mass index (BMI) according to a for-
mula that divides height into weight.

» Measuring skin-fold thickness or the circumference of
the upper arm.

Treatment

Normalizing nutritional status starts with a nutri-
tional assessment. This process enables a clinical nutri-
tionist or registered dietician to confirm the presence of
malnutrition, assess the effects of the disorder, and for-
mulate diets that will restore adequate nutrition.

Patients who cannot or will not eat, or who are un-
able to absorb nutrients taken by mouth, may be fed intra-
venously (parenteral nutrition) or through a tube inserted
into the gastrointestinal (GI) tract (enteral nutrition).

Tube feeding is often used to provide nutrients to
patients who have suffered burns or who have inflamma-
tory bowel disease. This procedure involves inserting a

2427

uonLnue



Mammals

thin tube through the nose and carefully guiding it along
the throat until it reaches the stomach or small intestine.
If long-term tube feeding is necessary, the tube may be
placed directly into the stomach or small intestine
through an incision in the abdomen.

Tube feeding cannot always deliver adequate nutri-
ents to patients who:

» are severely malnourished

* require surgery

« are undergoing chemotherapy or radiation treatments
* have been seriously burned

* have persistent diarrhea or vomiting

» whose gastrointestinal tract is paralyzed

Intravenous feeding can supply some or all of the
nutrients these patients need.

Prognosis

Up to 10% of a person’s body weight can be lost with-
out side effects, but if more than 40% is lost, the situation
is almost always fatal. Death usually results from heart
failure, electrolyte imbalance, or low body temperature.
Patients with semiconsciousness, persistent diarrhea, jaun-
dice, or low blood sodium levels have a poorer prognosis.

Some children with protein-energy malnutrition re-
cover completely. Others have many health problems
throughout life, including mental retardation and the in-
ability to absorb nutrients through the intestinal tract.
Prognosis for all patients with malnutrition seems to be
dependent on the age of the patient, and the length and
severity of the malnutrition, with young children and the
elderly having the highest rate of long-term complica-
tions and death.

Prevention

Breast-feeding a baby for at least six months is con-
sidered the best way to prevent early-childhood malnu-
trition. The United States Department of Agriculture and
Health and Human Services recommend that all Ameri-
cans over the age of two:

» Consume plenty of fruits, grains, and vegetables.

« Eat a variety of foods that are low in fats and choles-
terols and contain only moderate amounts of salt, sug-
ars, and sodium.

* Engage in moderate physical activity for at least 30
minutes, at least several times a week.

* Achieve or maintain their ideal weight.
» Use alcohol sparingly or avoid it altogether.

Every patient admitted to a hospital should be
screened for the presence of illnesses and conditions that
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could lead to protein-energy malnutrition. Patients with
higher-than-average risk for malnutrition should be more
closely assessed and reevaluated often during long-term
hospitalization or nursing-home care.
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Mambas see Elapid snakes

Mammals

The more than 4,000 species of living mammals be-
long to the vertebrate class Mammalia. This diverse
group of animals has certain common features: all have
four legs, bodies covered by hair, a high and constant
body temperature, a muscular diaphragm used in respi-
ration, a lower jaw consisting of a single bone, a left
systemic aortic arch leaving the left ventricle of the
heart, and three bones in the middle ear. In addition, all
female mammals have milk-producing glands. There are
three living subclasses of mammals: the Monotremata
(egg-laying mammals), the Marsupialia (pouched mam-
mals), and the Placentalia (placental mammals).

Mammals range in size from bats, some of which
weigh less than 1 oz (28.4 g), to the blue whale, which
weighs more than 200,000 1b (90,800 kg). Mammals are
found in cold arctic climates, in hot deserts, and in every
terrain in between. Marine mammals, such as whales and
seals, spend most of their time in the ocean. While mam-
mals are not as numerous and diverse as, for example,
birds or insects, mammals have a tremendous impact on
the environment, particularly due to the use of Earth’s
natural resources by one species of mammal: humans.

Species of mammals have developed varying adap-
tations in response to the different environments in
which they live. Mammals in cold climates have insulat-
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ing layers—a thick coat of fur, or a thick layer of fat
(blubber)—that help retain body heat and keep the ani-
mal’s body temperature constant. Some mammals that
live in deserts survive by special adaptations in their kid-
neys and sweat glands, as well as by their ability to avoid
heat by behavioral means. Other adaptations for survival
in extreme climates include hibernation (a state of win-
ter dormancy) or estivation (summer dormancy). These
responses make it possible for the animal to conserve
energy when food supplies become scarce.

The care of the young (parental care) is notable
among mammals. Born at an average of 10% of its
mother’s weight, mammalian young grow rapidly. The
protection the young receive from one or both parents
during the early stages of their lives enables mammals to
maintain a strong survival rate in the animal kingdom.

The subclass Placentalia contains the majority of liv-
ing mammals. The embryo of placentals develops in the
mother’s uterus, is nourished by blood from the placenta,
and is retained until it reaches an advanced state of devel-
opment. The Marsupialia are found in Australia and in
North and South America. Their young develop inside
the uterus of the mother, usually with a placenta connect-
ed to a yolk sac. Young marsupials are born in a very un-
developed state and are sheltered in a pouch (the marsupi-
um) which contains the nipples of the milk glands. Kanga-
roos, wallabies, and most Australian mammals are marsu-
pials, as is the opossum of the New World. The
Monotremata of Australia include the duck-billed platy-
pus and two species of spiny anteaters. Monotremes lay
eggs, but have hair and secrete milk like other mammals.

Manakins

Manakins are 53 species of small, tropical birds
that comprise the family Pipridae, occurring from south-
ern Mexico to Paraguay. Manakins are species that dwell
in mature, tropical forests.

Manakins are squat, compact birds, with short, round-
ed wings and a short tail. However, in some species the
tail of the male is greatly lengthened by the occurrence of
long, thin extensions, sometimes longer than the rest of
the body. Manakins have a short beak, slightly hooked at
the tip. Manakins are skilled and maneuverable fliers.

Male manakins of most species are very brightly
colored, with brilliant patterns of red, yellow, blue, or
white on a background of black or dark grey. Female
manakins are much less brilliant, and are typically olive-
green in color.
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Manakins are highly active birds. They commonly
fly-catch insects, which are a major component of their
diet. Manakins even utilize aerial sallies to pluck fruit,
another of their important foods.

Manakins are famous for their elaborate courtship
rituals, which are among the most complex of any of the
birds. The most celebrated courtships involves species in
which the males display at leks, or communal assembly
areas where males gather to display to each other and to
females as they arrive seeking a potential mate.

Individual males of the white bearded manakins
(Manacus spp.) clear a small, approximately 3 ft (1 sq
m) area of the forest floor of leaves, twigs, and other lit-
ter, as do other males. In this way a large lek of as many
as 70 courts can develop, over an area as wide as 98 ft
(30 m). These courts are the places where the individual
male birds perform their pre-nuptial displays to females
that arrive from far and wide, to choose their beaux from
the many males on hopeful display.

The actual displays vary greatly among the species of
manakins, but they generally involve quick, ritualized
movements. Those of the golden-headed manakins (Pipra
spp.) are relatively well known, and include quick slidings
along a horizontal branch, fleet turnarounds on the branch,
and rapid flutterings of the wings, which produce sharp,
snappy noises. The males also execute rapid flights over a
distance of less than 98 ft (30 m), somehow making rip-
ping noises with the wings. These displays are carried out
even in the absence of an attending female, but they are
especially intense when the male knows that a potential
mate is nearby, and watching, and hopefully choosing.

Bill Freedman

Manganese see Element, chemical
Mango see Cashew family (Anacardiaceae)

Mangrove tree

Mangroves are trees in the family Rhizophoraceae,
occurring in tropical and subtropical environments as
swampy forests fringing muddy, tidal, estuarine, and
oceanic shores. Mangrove forests are generally the first
type of woody ecosystem that is encountered when a
low-lying tropical shore is approached from the ocean.

Mangrove forests comprise a biome, that is, a dis-
tinctive ecosystem that occurs in appropriate habitats
worldwide. Compared with other tropical forests, the
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Mangrove tree

Red mangroves (Rhizophora mangle) in Florida. JLM Visuals. Reproduced by permission.

mangrove ecosystem is rather poor in species. The rich-
est mangrove forests occur closest to the equator, espe-
cially in the western Pacific Ocean. The number of man-
grove species diminishes with increasing latitude in both
hemispheres, with black mangrove (Avicennia spp.) gen-
erally being the last species to drop out, reaching about
32°N in Bermuda and 38°S in northern Australia.

Mangrove trees are well adapted to growing in
saline water, having glands on their leaves for excreting
their excess of absorbed salt, and evergreen foliage to
aid in the retention of scarce nutrients. Some species
have aerial roots that aid in transporting oxygen to their
below-ground tissues, and seeds that are specialized for
establishing in tidal mud.

Species of mangrove trees

The family Rhizophoraceae contains about 100
species of woody plants, all of which are tropical or sub-
tropical in distribution. The most important of the tree-
sized species are in the genera Avicennia, Bruguiera, Ce-
riops, and Rhizophora.

The red mangrove (Rhizophora mangle) is abundant
in mangrove forests of south Florida, the Caribbean, and
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Central and South America. This species has distinctive,
round, stilt-roots, which emerge from aerial parts of the
stem and then curve downwards to grow into the sedi-
ment. The red mangrove also retains its ripe seeds on its
branches, where they germinate aerially, extending a radi-
cle up to 10 in (25 cm) long. This sort of germination
system is known as vivipary, and is analogous in some re-
spects to the bearing of live young by animals. The ger-
minated seedlings eventually detach from the parent tree,
and may plop upright into the mud and establish a new
plant, or they may float for a while until they become
lodged in sediment after a longer-range dispersal from
the parent. The established seedlings of red mangrove
send out prop-roots, which quickly become firmly an-
chored and help to accrete mud around the plant. Young
plants of this sort are abundant along the leading edge of
developing stands of red mangrove, with older, larger
trees occurring further into the stand. The individual
stands often occur as discrete mangrove “islands,” which
may eventually coalesce as an extensive forest.

The black mangrove (Avicennia nitida) is also
abundant in mangrove forests of Florida, the Caribbean,
and Latin America. This species has radially spreading,
underground roots from which emerge numerous, verti-
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cally growing pneumatophores, or extensions of the
roots that emerge from the mud. The pneumatophores
are exposed to the atmosphere during low tide, and are
useful in conducting oxygen to the underwater tissues of
the plant, which grow in an anaerobic environment.
Black mangroves often do not reproduce well beneath
their own closed canopy, and when their stands senesce
and die back, the site may convert into a relatively open
community dominated by plants of salt marshes and
protected mudflats.

Ecology of mangrove forest

The mangrove environment is stressful to most
plants, largely because of the high salt concentrations in
water, which are physiologically difficult for most
species to deal with. However, mangrove trees can toler-
ate this stress, and as a result they are able to assemble
into forests under these environmental conditions, al-
though these are relatively species-poor ecosystems in
comparison with other types of tropical forests.

The mangrove ecosystem is periodically subject to
catastrophic disturbance, usually associated with severe
windstorms such as hurricanes. These can be energetic
enough to uproot and kill mature trees, and to initiate
ecological recovery through primary succession. Species
of Rhizophora are often the primary mangrove colonist,
followed by Avicennia and other secondary species as
the ecosystem begins to stabilize and mature.

The patterns of successional dynamics of man-
grove forests are related to the environmental toler-
ances of the species, and often result in distinct com-
munity zone types within this ecosystem. Usually the
succession culminates in a mature forest of mangrove
species. However, in some cases succession in the man-
grove ecosystem can sufficiently reduce the influence
of tidal waters to allow relatively fresh-water condi-
tions to develop. Under these circumstances succession
can result in the development of a relatively species-
rich forest that is lacking in mangrove species, because
these are not very competitive under the less stressful
conditions of fresh water.

Mangrove forests are very effective at binding
coastal mud and helping to prevent erosion. This con-
tributes to the development of a stable substrate that en-
hances the rate of ecosystem development and allows
the forest to resist tidal and other disturbances and there-
by form a relatively stable ecosystem.

Mangrove forests provides critical nursery habitat
for various commercially important species of tropical
fish and invertebrates, such as shrimp. These coastal
wetlands also provide important habitat for a wide range
of non-economic species of wildlife.
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KEY TERMS
Biome—A geographically extensive ecosystem,
usually characterized by its dominant life forms.

Ecotourism—Ecology-based tourism, focused pri-
marily on natural or cultural resources.

Mangrove—A coastal, tropical, wet forest growing
on muddy substrate, and dominated by species of
mangrove trees in the family Rhizophoraceae.

Pneumatophores—Exposed roots of some marsh
plants that are useful in conducting oxygen to the
plant’s underwater tissues.

Radicle—Embryonic root.
Senescence—The state of being old.

Mangroves and humans

Mangrove forests are commercially important in
some places. Lumber can be manufactured from all of
the mangrove trees, but the most durable wood is that of
Ceriops. Where it is abundant, Rhizophora may be har-
vested to manufacture lumber or pulp. In some places,
mangroves trees are harvested and used to manufacture
charcoal. The bark of mangroves is rich in tannins, and
has been used for the commercial production of these
chemicals, which are utilized to tan animal skins into
leather. Mangrove forests are also commonly harvested
for local use as firewood.

Ecotourism is a less consumptive use of the man-
grove ecosystem. In large part, this recreational use is
based on the fact that many species of large, colorful
birds can be abundant in mangrove forests and their in-
tegrated, open-water wetlands and shores. These include
species of herons, ibises, pelicans, gulls, terns, osprey,
and shorebirds.

Many parts of the world have mangrove forests
under intense pressure from various types of human
stressors. This is partly associated with overly intensive
harvesting of natural resources from these forests. In ad-
dition, many regions of mangrove forests are being lost
to various types of coastal developments, which convert
these natural ecosystems into agriculture, plantations,
tourism developments, or aquaculture facilities, especial-
ly for the culturing of shrimp. In some places, mangrove
forests are also being degraded through pollution associ-
ated with agricultural runoff, sewage dumping from resi-
dential areas, and aquatic industrial emissions of various
types. Mangrove forests are rapidly being depleted in
many regions, and in extensive areas they have virtually
disappeared.
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Mania

Mania is a mood disturbance marked by an abnor-
mal degree of elation or irritability along with a number
of other symptoms including restlessness, inflated self
confidence, a marked decrease in the need for sleep,
rapid and loud speech that is difficult to interrupt, racing
thoughts, high distractibility, and a marked increase in
certain goal-directed activities. Over time, manic
episodes are usually preceded or followed by periods of
major depression, and diagnostically mania is seen as a
component of bipolar, or manic-depressive, disorder. In
bipolar disorders individuals experience alternating
manic and depressive symptoms. Mania then is not cur-
rently considered a separate psychiatric disorder.

Symptoms

The primary symptom of a manic episode is a
marked disturbance of mood in which the individual is
extremely elated or irritable for at least one week unless
hospitalization is necessary. The individual’s mood may
be unusually cheerful or good, and while this may not
seem unusual to those who do not know the individual,
to those who do, it is usually seen as excessive and
strange. The person’s mood may also be one of extreme
irritability, especially when his or her desires and goals
are interfered with. It also quite common for the person
to switch rapidly between irritability and elation. In ad-
dition to the mood disturbance the individual will usual-
ly show three or four of the following symptoms.

In a manic episode the need for less sleep is almost al-
ways seen, so that the individual may rise hours earlier than
normal yet still be full of energy. Indeed, the person may
not sleep for days but feel no fatigue. Another common
symptom is overly high self-confidence. The individual
may attempt complex and difficult tasks for which he or she
has no experience or knowledge, such as sailing around the
world or climbing Mount Everest. The person may also
have grandiose delusions (false beliefs that do not seem
possible) about himself or herself. Rapid and loud speech
that is difficult to interrupt is also a common symptom.
Speech will often show a pressured quality as if the person
is compelled to speak, so that an individual may talk a lot,
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sometimes for hours without stopping. Extremely rapid or
racing thoughts are often present in a manic episode. This
may be seen in very rapid speech in which the individual
switches topics very rapidly, and in extreme cases speech
may become so disorganized that it is incomprehensible. A
person having a manic episode will often plan and partici-
pate in an excessive amount of goal-directed behaviors,
such as sexual, professional, political, or religious activities.
The individual may, for example, volunteer in numerous
school or work related committees without regard to
whether they can fulfill these obligations. Often a person
having a manic episode does not believe there is anything
wrong, and resists treatment. Taken together, these symp-
toms often lead to reckless behaviors the individual would
not normally engage in that are likely to have negative con-
sequences. For instance, the individual may make unneces-
sary purchases that he or she cannot afford, or make unwise
investments. In order for a diagnosis of manic episode to be
made, an individual’s interpersonal, professional, or school
functioning must be noticeably impaired or hospitalization
must be required because of these symptoms.

Course

Manic episodes can last from a few weeks to two to
three months in length, and they are often preceded by
stressful life events. While the average age for a first
manic episode is in the early twenties, some occur in the
teenage years. Those who have their first episode in their
teens often have a history of behavior problems. Some-
times mania is not seen until after age 50.

Over 90% of individuals who have one manic
episode will have additional episodes. And approximate-
ly 60-70% of manic episodes occur just before or after
periods of major depression. While this may paint a
rather bleak picture, it should be noted that some experts
hold that while up to 40% of those with bipolar disorder
will experience repeating cycles, they rarely experience
long-term physical or mental impairment. And most peo-
ple with bipolar disorder have periods with almost no
symptoms in which they essentially function normally.

Causality

Most researchers believe bipolar disorders have a bi-
ological basis. And this stance is supported by findings
that close relatives of those with bipolar disorder are sig-
nificantly more likely to develop affective disorders than
are relatives of people with no history of psychiatric ill-
ness. Theories of the underlying biological mechanisms
have centered on concentrations of various neurotrans-
mitters in the nerve connections of the brain. Because
neurotransmitter interactions are subtle, complex, and
obviously hard to observe, the strongest supportive and
discerning evidence for the roles of specific neurotrans-
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mitters comes from the differential efficacy of various
drug treatments. The fact that patients diagnosed with
bipolar disorder respond differently to various drugs in-
dicates there may be more than one type of bipolar disor-
der with different biological bases.

Treatment

Lithium carbonate is the predominant drug treatment
for manic episodes. Carbamazepine has been used to suc-
cessfully treat those who cannot tolerate or do not respond
to lithium. Various antipsychotic and antidepressant med-
ications have also proven useful. Electroconvulsive shock
therapy has shown some effectiveness in the treatment of
mania and it may be indicated for patients who cannot take
lithium or antipsychotics, though its use remains contro-
versial. For treating some types of depression, psychother-
apy has been found to be effective, its efficacy in treating
manic states however is still unclear, as there have been
few studies assessing this. This may be due to the general
difficulty of treating someone in a manic state. In general,
however, it seems that after a manic episode most people
may benefit from supportive psychotherapy as they often
experience a lowering of their confidence and self esteem.

Current research

Currently, the Diagnostic and Statistical Manual of
Mental Disorders, Text Revision, 4th edition (DSM-IV-
TR) has no separate diagnostic disorder called mania or
manic disorder. The DSM-IV-TR is the official psychiatric
classification system for medical and legal uses in the Unit-
ed States. Over the years, psychiatrists and psychologists
have questioned whether mania is experienced without de-
pressive episodes and thus whether it is a disorder distinct
from bipolar disorder. Some recent research looking at this
indicates that it the concept of mania as a distinct disorder
merits further investigation. Neuroimaging techniques al-
lowing visualization of the functioning brain have enabled
further distinctions between psychiatric disorders based on
underlying differences in brain structure, and hold promise
for research in bipolar disorder and mania.

See also Manic depression.
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KEY TERMS
Antipsychotic drugs—These drugs, also called neu-
roleptics, seem to block the uptake of dopamine in
the brain. They help to reduce psychotic symptoms
across a number of mental illnesses.

Bipolar disorder—A psychiatric disorder in which
individuals experience alternating states of mania
and depression, it is often referred to as manic-de-
pressive disorder.

Delusions—Fixed, false beliefs that are resistant to
reason or factual disproof.

Electroconvulsive therapy (ECT)—Administration
of a low dose electric current to the head in con-
junction with muscle relaxants to produce convul-
sions. A treatment method whose underlying ac-
tion is still not fully understood, it has proven ef-
fective in relieving symptoms of some severe psy-
chiatric disorders for which no other treatment has
been effective, for example, severe depression.

Neuroimaging techniques—High technology
methods that enable visualization of the brain
without surgery such as computed tomography
(CT), and magnetic resonance imaging (MRI).

Neurotransmitters—Biochemical substances that
transmit nerve impulses between nerve cells.

Psychotherapy—A broad term that usually refers to
interpersonal verbal treatment of disease or disor-
der that addresses psychological and social factors.
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Marie Doorey

Manic depression

Manic-depressive illness, clinically called bipolar
disorder, is a major mental illness belonging to the cate-
gory of illnesses designated as mood disorders. It is esti-
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Manic depression

mated that as many as two million Americans suffer
from this illness and many more may go undiagnosed or
underdiagnosed. Approximately one in five families will
be confronted with a family member who may experi-
ence a manic episode or an episode of clinical depres-
sion. As the term bipolar suggests, there are two extreme
moods in manic depression: one is depression and the
other is mania, where behavior and irritability or anger
become extreme.

Manic depression is characterized by drastic emo-
tional changes and extreme mood swings. The mood
may be one of an emotional high where a person has ex-
cessive energy, may feel exuberant, creative, and ready
to take on the world. This is characteristic of a manic
episode. The person may feel that he or she needs little
sleep and may even get only three or four hours of sleep
during the manic episode. People in this mode of the ill-
ness may have racing thoughts, may have auditory h